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ISTORICALLY, the origin and the prac- 

tical development of architectural acoustics 
have been based almost entirely on the concepts of 
geometric acoustics. These concepts are valid for 
free sound waves in an unbounded homogeneous 
medium, and are usually adequate for solving 
the acoustical problems of open-air theaters; 
they are relatively valid for dealing with the 
acoustics of large auditoriums, but are quite 
inadequate for coping with the acoustical 
problems of small rooms, and especially music 
rooms, broadcast studios, and similar rooms. The 
epochal investigations of W. C. Sabine! at the 
turn of the century, which were based largely on 
geometric acoustics, laid the foundations on 
which has been built most of the present art of 
architectural acoustics. Sabine’s work led to the 
exaltation of “reverberation time’’ as the prime 
criterion for determining the acoustical quality 
of every room. The Sabine formula for calculating 
the reverberation time of a room takes into 
account only the volume and the total absorption 
of the room. It leads to the general conclusion, 
which holds approximately only in special cases, 
that the growth and decay of sound in a room 
obeys a simple exponential law; it neglects such 
significant matters as the shape of the room, the 
location of the absorptive material, and even, in 


* Presented at Salt Lake City, Utah, July 21, 1947, ata 
Symposium on Sound sponsored by the University of Utah. 
1 


W. C. Sabine, Collected papers on acoustics (Harvard 
Univ. Press, 1922). 


certain respects, the location of the source and 
the listeners in the room. 


Geometric and Wave Acoustics 


Geometric or “‘ray’’ acoustics, as applied to 
rooms, assumes that sound travels in rays; that 
its frequency remains unchanged during the 
transient as well as the steady state; that the 
rays are reflected, with partial absorption and 
transmission, at each encounter with the bound- 
aries of the room; and that after a large number 
of successive reflections the sound in the room 
becomes diffuse, so that the average energy 
density is the same throughout the room, and all 
directions of propagation are equally probable. 
Obviously, this oversimplifies the actual be- 
havior of sound waves in rooms, especially when, 
as is often the case, the wavelengths of the sound 
are not small compared with the dimensions of 
the room; it neglects entirely such important 
properties as the normal modes of vibration of 
the room, interference and diffraction. As early 
as 1929 Schuster and Waetzmann? recognized the 
inadequacy of geometric acoustics in dealing 
even with the reverberation of sound in rooms, 
indicated that reverberation should be based 
upon the wave equation in a three-dimensional 
bounded space, and proposed that reverberation 


2K. Schuster and E. Waetzmann, “Uber den Nachhall 
in geschlossenen Raumen,” Ann. Physik 1, 671 (1929). 
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be defined in terms of the damped free vibrations 
of the enclosed volume of air in the room. 

In 1932 the present author* obtained oscil- 
lograms of the decay of sound in a reverberant 
room which revealed unambiguously that rever- 
beration is the damped free vibration of the 
enclosed air in a room; there was no discernible 
persistence of the impressed sound wave even 
immediately after the source was _ stopped, 
although it probably does persist for a time of 
tne order of 1/c, where / is a lineal dimension 
(sometimes referred to as the mean free path) 
of the room, and ¢ is the velocity of sound. In 
Fig. 1 are shown three oscillograms of the decay 
of sound in a room 8X8 X9.5 ft for different 
impressed or driving frequencies. The driving 
frequencies for the upper and lower oscillograms, 
namely, 92.9 and 99.7 cy/sec, are very nearly 
identical with two of the free or normal fre- 
quencies of the room, namely, 92.8 and 99.8 
cy/sec; the decay (reverberation) is almost 
purely exponential for these two driving fre- 
quencies. The driving frequency (96.7 cy/sec) 
for the middle oscillogram is about midway 
between these two successive normal frequencies, 
and the nearest other normal frequencies—70.3 
and 115.9 cy/sec—are relatively far removed 
from this driving frequency; the decay contains 
prominent beats of about 7 cy/sec, suggesting 
that the reverberation in this case is made up 
of the exponential decay of the two nearest 
normal frequencies, namely, 92.8 and 99.8 cy/sec. 
A careful analysis of the middle oscillogram (and 
similar ones) confirms this conclusion; in some 
of the oscillograms the shift in phase of 180°, 
when the resultant amplitude of the two beating 
components passes through zero, is clearly 
revealed. Other oscillograms of the reverberation 
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Fic. 1. Oscillograms of decay of sound in a small room. 


3V. O. Knudsen, ‘‘Resonance in small rooms,”’ J. Acous. 
Soc. Am. 4, 20 (1932). 
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in this same room, for somewhat higher driving 
frequencies than those shown in Fig. 1, disclosed 
the coexistence of two, three, and four beats, and 
in each case the component frequencies required 
to produce the observed beats could be identified 
with normal frequencies clustered around the 
driving frequency. At progressively higher driv- 
ing frequencies the reverberant decay of sound 
became more and more complicated, indicating 
that even more than three or four normal fre- 
quencies were contributing to the reverberant 
sound. In each case, since the rate of decay 
increases with frequency, the latter part of the 
decay is made up of only the lower frequencies, 
and in some cases the decay “‘degenerates’”’ to a 
single normal frequency, which then declines 
exponentially. 

In 1936 Morse* made an epochal contribution 
to architectural acoustics by applying the technic 
of wave mechanics to the behavior of sound 
waves in rooms. About three years later Bolt® 
began similar investigations, applying the theory 
of wave acoustics to scale models of rooms. 
Hunt, Beranek and Maa® at about the same 
time obtained experimental confirmation of wave 
acoustics applied to the decay of sound in a 
room 20X14 8 ft, the floor of which was covered 
with absorptive material. Figure 2 shows the 
nature of the check between theory (solid line) 
and the experimental decay (circles) which they 
obtained. The dashed straight lines are typical of 
the decay lines that would be required on the 
basis of geometric acoustics. 

Morse and Bolt’ recently have presented an 
excellent survey of the advances that have been 
made in the theory of sound waves in rooms. 
They disclose the inadequacies of geometric 
acoustics; they develop several formulas, based 
on wave acoustics, for calculating the transient 
and steady-state behavior of sound; and they 
show how the principles underlying wave 
acoustics can be used to clarify and supplement 


#P. M. Morse, 
1936), chap. 8. 

5'R. H. Bolt, ‘Normal modes of vibration in room 
acoustics,’’ J. Acous. Soc. Am. 11, 74, 184 (1939). 

®F, V. Hunt, L. L. Beranek and D. Y. Maa, ‘“‘Analysis 
of sound decay in rectangular rooms,” J. Acous. Soc. Am. 
11, 80 (1939). 
7 P. M. Morse and R. H. Bolt, “Sound waves in rooms,” 
Rev. Mod. Physics 16, 69 (1944); see also Bolt, J. Acous. 
Soc. Am. 18, 130 (1946) and 19, 79 (1947). 





Vibration and sound (McGraw-Hill, 






orm J 


Pe ee a a 


room 


lysis 
Am. 


ms,” 
cous. 


GEOMETRIC AND WAVE ACOUSTICS IN ROOM DESIGN 439 


the results predicted by the more conventional 
formulas of geometric acoustics. 

As an example of the utility of wave acoustics, 
Morse and Bolt® derive an approximate formula 
for computing what they call the index of 
randomness (I.R.) for sound waves in a rec- 
tangular room with rectangular patches of ab- 
sorptive material placed irregularly on the 
walls of the room,°® namely, 


1 @S 
22+4S,/m’ 


where 8=pc/Z, the ratio of specific acoustical 
resistance to specific acoustical impedance, is 
the specific admittance of the absorptive patches, 
S,=mab, m is the number of patches, each of 
dimensions a and 3, and d is the wavelength of 
the sound. When. J.R. is smaller than unity, the 
wave motion is not ergodic—an ergodic (com- 
pletly diffuse) distribution of sound is the only 
condition in which the statistical formulas of 
geometric acoustics apply—the normal modes 
having wavelengths of the order of A do not 
decay at the same rate, and the decay curve is 
not a straight line, that is, it resembles the solid 
lines in Fig. 2. When J.R. is considerably larger 
than unity, the wave motion approaches an 
ergodic condition, the decay rates of contiguous 
modes tend to approach an average value, and 
the formulas of geometric acoustics (such as the 
usual reverberation equation) are approximately 
valid. 

It will be seen from Eq. (1) that the index of 
randomness will be considerably smaller than 
unity for very low frequencies. For absorptive 
patches of the type ordinarily used for the 
reduction of reverberation and the diffusion of 
sound in rooms, B is of the order of 0.2; hence, 
even for \?<45S,/m, I.R. will be less than unity 
unless m is very large. The most effective size 
for each patch is about one-half wavelength. 
Morse and Bolt further note that: 


(1) 


. for a cubical room 20 feet on a side, with 
square patches a half wavelength (A/2) wide, of soft 


8 Reference 7, p. 134. 

9H. Feshbach and C. M. Harris [J. Acous. Soc. Am. 18, 
472 (1946)] have considered, experimentally as well as 
theoretically, the nonuniform distribution of absorptive 
material in a rectangular room. Their results indicate that 
the degree of diffusion of sound in the room increases with 
the sound frequency and with the number of modes on the 
wall containing patches or strips of absorptive material. 


FLOOR COVERED 
14'x20' CELOTEX 
> WALL BOARD 
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Fic. 2. Decay curves at 250 and 500 cy/sec in a room 
14X 208 ft with floor covered with absorptive material. 
(Hunt, Beranek and Maa. ] 


material having |8| =0.2, and with average distance 
between patches (3\/2), there will be, on the average, 
one patch in every (4?) area of the wall. The coeffi- 
cient of randomness . . . will be (7.5/d?), . . . [and] 
in order that this be larger than 4 (which is perhaps 
a reasonable criterion for randomness) we must have 
the wavelength less than about 1.5 feet, or the fre- 
quency greater than 800 c.p.s. At 800 c.p.s. there 
would need to be approximately 250 patches on the 
walls, one in each 9 square feet of area. 


Morse and Bolt further consider the effect of 
“bumps” or “bulges” distributed irregularly 
over the walls of a room, or of both bumps and 
patches irregularly distributed, and calculate the 
index of randomness for some typical distribu- 
tions of bumps and patches. It is shown that it 
is fairly easy to obtain ergodic wave motion in a 
room of moderate size (102030 ft) at 1000 
cy/sec, but that it would be difficult to crowd 
in enough of the required larger patches'or bumps 
to insure an ergodic condition at 250 cy/sec. 
They also conclude “that it is usually easier to 
produce random wave motion by means of 
bumps than it is by patches of absorptive 
material.’’!° 

From the preceding results it is apparent that 
the Sabine absorption coefficients as measured 

1° This is probably true, although it has not yet been 
tested adequately. Patches, in combination with splays, 
probably can provide adequate diffusion in most audi- 
toriums and even in many studios—at considerable re- 


duction in cost, and often with better appearance, com- 
pared with the cost and appearance of bumps. 





440 


in reverberation rooms have validity, and there- 
fore applicability to rooms by means of the 
formulas of geometric acoustics, only when 
ergodic conditions prevail both in the rever- 
beration room in which the absorption coef- 
ficients are measured and also in the rooms in 
which the absorptive materials are used. These 
conditions usually can be made to occur, as they 
should for optimal acoustical conditions, in large 
auditoriums, for frequencies above about 200 
cy/sec; they probably do not occur in con- 
ventional reverberation test chambers for fre- 
quencies below about 2000 cy/sec, unless dif- 
fusing bumps, rotating paddles (of irregular 
shape) and similar devices are used, in which case 
it is probable that the sound is essentially ergodic 
only for frequencies above 500 cy/sec. Morse and 
Bolt infer from available evidence that in cal- 
culating reverberation times for large audi- 
toriums at frequencies below 2000 cy/sec, it is 
better to use statistical values of absorption 
coefficients, that is, the weighted average coef- 
ficient over all angles of incidence, rather than 
the values as determined by the usual rever- 
beration chamber methods. This is probably 
good advice provided the statistical coefficients 
of the absorptive materials to be used in the 
auditoriums are known or can be readily deter- 
mined. Unfortunately, these coefficients are not 
yet known for many available and desirable 
materials, and these coefficients for the materials 
as they are to be installed (often with an air 
space behind them) cannot be readily deter- 
mined. It therefore seems necessary, at least for 
the immediate future, to use the only coefficients 
that are available, namely, reverberation coef- 
ficients. 

The present author believes that the coef- 
ficients he has determined in the reverberation 
chamber at the University of California at Los 
Angeles, where large rotating paddles of irregular 
shape provide approximately ergodic wave 
motion for frequencies above 500 cy/sec (as 
evidenced by straight-line decay curves for free 
decays of more than 60 db), are essentially equiv- 
alent to the Sabine or statistical coefficients of 
absorption. The coefficients at frequencies of 512 
to 2048 cy/sec, thus determined, are 10 to 20 
percent lower than those obtained for the same 
materials in most other reverberation chambers 
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where less effective means for diffusing the 
sound have been used. For many years the 
writer has used these lower coefficients, which 
correspond approximately to the Sabine coef- 
ficients, in routine calculations for the control of 
reverberation in auditoriums. 

If the absorptive materials are distributed 
properly over the interior surfaces of an audi- 
torium, and not concentrated in the ceiling, the 
calculated and measured reverberation times for 
frequencies above 500 cy/sec usually do not 
differ by more than 10 percent. Most of the 
published coefficients of absorption of acoustical 
materials, which were determined in reverbera- 
tion chambers that did not provide adequate 
diffusion of the sound, are probably at least 10 
percent higher than the Sabine coefficients; it 
usually is advantageous, therefore, to diminish 
the currently reported coefficients by about 10 
percent before using them for the calculation of 
reverberation by means of the usual reverbera- 
tion formula, such as 


0497 
—SIn(i—a)+4mV" 


where fg (sec) is the reverberation time, that is, 
the time for a free decay of 60 db; V (ft®) is the 
volume of the room; S (ft?) is the surface area of 
the room ; @ is the mean absorption coefficient for 
the interior surface of the room; and m is the 
attenuation coefficient per foot of the air in the 
room, which depends upon the temperature and 
the humidity of the air. 

Although wave acoustics has explained some 
empirical principles, and has clarified many 
other obscure aspects of acoustics of rooms, con- 
siderable theoretical and experimental work 
remains to be done before wave acoustics can be 
used as the principal means for solving the 
routine problems of architectural acoustics. 
Despite the shortcomings of geometric acoustics 
in dealing with the actual behavior of sound in 
rooms, it leads to practical principles and for- 
mulas by means of which the acoustical engineer 
and architect can provide satisfactory acoustics 
in the rooms they design. For example, these 
principles and formulas will continue, probably 
for another five or ten years, to be the prime 
means for calculating how much and what type 
of acoustical materials will be needed in a given 


teo= 


(2) 
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room to provide the optimal reverberation time. 
Wave acoustics can and should be used to deter- 
mine how these materials should be distributed 
in that room in order to provide optimal acoustics. 
This involves more than optimal reverberation 
time; it includes the smoothness and detailed 
characteristics of the growth and decay of the 
sound, the steady-state distribution of the 
sound, the liveness" of the room, and several 
other characteristics that can be much more 
adequately treated by wave acoustics than by 
geometric acoustics. 


It seems appropriate to add a note of warning that is 
based on long experience, namely, that only those who 
are familiar with both wave and geometric acoustics 
should undertake the design of rooms in which good 
acoustics is a prime requirement. Fortunately, the approxi- 
mate and simple methods of geometric acoustics, when 
used with an understanding of the consequences and 
modifications that wave acoustics entail, will be found 
adequate for making the routine calculations that govern 
the acoustical properties of most rooms, such as offices, 
restaurants, classrooms and residences. For the acoustical 
design of broadcasting, recording, and motion picture 
studios, auditoriums, theaters, churches, music rooms, 
court rooms, lecture rooms, and all other rooms in which 
high-quality speech and music are required, full use 
should be made of the methods of wave acoustics, in so 
far as they are applicable. 

The approximate methods of geometric acoustics, guided 
and supplemented by the refinements of wave acoustics, 
seem to offer, for the present at least, the most feasible 
means for dealing with the acoustics of rooms. This 
procedure is practically necessary at present, inasmuch as 
the absorptive properties of most acoustical materials and 
the criterions for good acoustics in most rooms are based 
on procedures that evolved from geometric acoustics. The 
“time of reverberation” and the “reverberation character- 
istic” continue to be useful criterions for rating the 
acoustical qualities of rooms; these are concepts that 
developed from geometric acoustics and as yet have not 
been sufficiently translated, formulated and tested by the 
concepts of wave acoustics to establish a new basis for 
making routine acoustical calculations. 


Theory and practice in room acoustics are in a 
state of transition from geometric to wave 
acoustics. As the methods of wave acoustics are 
developed, those of geometric acoustics will be 


11 See J. P. Maxfield and W. J. Albersheim, ‘‘An acoustic 
constant of enclosed spaces correlatable with their ap- 
parent liveness,’’ J. Acous. Soc. Am. 19, 71 (1947). These 
authors derive a liveness constant that is defined in terms 
of a ratio of the reverberant and the direct sound reaching 
a listener, and “‘is correlatable with the acoustic properties 
of the enclosed space and with the distance between the 
sound source and the listener.” 
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discarded. Only wave acoustics can furnish a 
true and complete description of the behavior of 
sound waves in rooms. 


The Acoustical Design of Some Typical Rooms 
—Applications of Wave Acoustics 


(a) Small rectangular rooms.—It has been the 
vogue for many years to reduce noise and rever- 
beration in rooms by treating only the ceilings 
of these rooms with a highly absorptive material. 
In large offices, restaurants and work rooms, 
with large horizontal dimensions compared to 
the height, the treatment of the ceiling only will 
usually provide satisfactory results; in fact, a 
greater reduction of noise and reverberation will 
be obtained from a given amount of absorptive 
material located on the ceiling of such a room 
than on any other position in the room, because 
the ceiling in such rooms has a greater probability 
of reflection than the other surfaces." In small 
rooms, such as private offices, bedrooms, short 
and narrow halls, and telephone booths, with the 
ceiling height comparable to or greater than the 
horizontal dimensions, the treatment of the 
ceiling only with absorptive material may lead 
to disappointing results, even though the calcu- 
lations of reverberation based on the geometric 
formula indicate that the optimal reverberation 
time is closely approximated. 


Consider, for example, the small test room in which the 
oscillograms of Fig. 1 were obtained. The horizontal 
dimensions of the room are 8X8 ft, and the height is 9.5 ft. 
All boundaries of the room except the door, which is steel, 
are painted concrete. When the floor (or ceiling) was 
completely covered with absorptive tile having a coefficient 
of absorption of 0.65 at 512 cy/sec, as determined by 
reverberation measurements in a room having approxi- 
mately ergodic sound distribution, the time of reverbera- 
tion, as calculated by the usual reverberation formula 
[Eq. (2)] was 0.55 sec; the observed time of reverberation 
in this room, with the floor covered with the absorptive 
tile, was nearly 2.0 sec. Oscillograms of the reverberation 
revealed that the decay was very rapid immediately after 
the source was stopped, amounting to about 90 db/sec for 
the first 20 db of decay, which would correspond to a time 
of reverberation of 0.67 sec. The subsequent phases of 
the decay became increasingly slower, and probably 
consisted, in the final phases, of modes of vibration that 
were tangential to the floor, and therefore were slowly 
absorbed as they moved only at grazing incidence to the 
acoustical tile. 


122V. O. Knudsen, Architectural acoustics (Wiley, 1932), 
pp. 132-41. 
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A small room, such as the one here considered, with only 
one surface, as the floor or ceiling, treated with absorptive 
material and the other surfaces left highly reflective, 
especially if they are smooth and thus nondiffusive, not 
only fails to conform to the predictions of geometric 
acoustics but, what is far more important, it fails to have 
good acoustics. Such a room almost always seems exces- 
sively resonant, as indeed it is for certain axial and tan- 
gential modes that are parallel to the absorptive surface; 
it is annoying to converse in the room; music is badly 
distorted, since certain frequencies are selectively empha- 
sized; and even certain frequency components of extraneous 
noise in the room are relatively unabsorbed, and thus 
disturb occupants of the room. 


Wave acoustics demands that the absorptive 
materials used for the control of reverberation 
and noise in small rooms be distributed over the 
walls as well as the ceiling, so that all modes of 
vibration are effectively, and approximately 
uniformly, damped. Whether it is necessary or 
justifiable to apply the absorptive material in 
patches to effect proper diffusion of the sound 
in the room is a debatable question, except for 
music rooms and recording or broadcasting 
studios. The writer’s office, for example, a room 
13X21 X12 ft, has acoustical plaster—with coef- 
ficients of absorption, as determined in the rever- 
beration chamber at the University of California 
at Los Angeles, of 0.20 at 128 cy/sec and 0.30 at 
512 cy/sec—applied to the entire ceiling and on 
all available wall surfaces down to a chair rail. 
Decay curves obtained in this room with a high- 
speed level recorder at frequencies of 128 to 2048 
cy/sec are free from large fluctuations and 
conform closely to straight lines for a decay of 
30 to 40 db, the full extent of decay that could 


Fic. 3. Polar diagrams showing the distribution of re- 
flected sound froma cylindrical “‘diffuser’’ and from a flat 
panel. [Volkmann. ] 


Oo. KNUDSEN 


be measured under the conditions of the room 
and measuring equipment. The time of rever- 
beration for this room at 512 cy/sec, determined 
by extrapolating the recorded 40 db of straight- 
line decay of 60 db, is 0.6 sec. It is only 0.8 sec 
at 128 cy/sec, and 0.5 sec at 2048 cy/sec. The 
room is as nearly ideal, acoustically (for conver- 
sation, conferences and routine office work), as 
any room the writer knows, and he doubts 
whether the use of “bumps” or patches of ab- 
sorption would provide a perceptible improve- 
ment in the acoustical quality of the room for its 
present uses. 

(b) Rooms with diffusing bumps and patches.— 
There seems to be almost unanimous agreement 
among acoustical and broadcasting engineers 
that diffusing devices, such as the bumps and 
patches suggested by wave acoustics, are essen- 
tial for the proper acoustical treatment of broad- 
casting and recording studios. 

Nonparallel walls and patches of absorptive 
material asymmetrically scattered over the walls 
of an auditorium have been used by Maxfield 
and Potwin™ to diffuse the sound, facilitate a 
logarithmic and pleasing decay of sound, and 
otherwise improve the acoustics of the room. 
Reverberation measurements in these rooms 
indicated that the decay was approximately 
logarithmic at all frequencies, modulated only 
slightly by the interference among the several 
contiguous modes which die away at approxi- 
mately the same rates. The authors refer to two 
broadcast studios in which irregularity in the 
slope and shape of the walls and raised panels of 
absorptive material provided smooth and rela- 
tively flat reverberation characteristics. They 
describe also the auditorium for the Temple of 
Religion constructed for the New York World’s 
Fair, in which irregularly distributed patches of 
absorptive material led to highly satisfactory 
acoustics for both speech and music. 

Volkmann™ and Boner® have described the 
beneficial effects of convex surfaces (mostly poly- 
cylindrical diffusers) of plywood in the design of 


18 See, for example, C. C. Potwin and J. P. Maxfield, “A 
modern concept of acoustical design,’’ J. Acous. Soc. Am. 
11, 48 (1939). 

4J. E. Volkmann, ‘‘Polycylindrical diffusers in room 
acoustic design,’”’ J. Acous. Soc. Am. 13, 234 (1942). 

On Boner, ‘Performance of broadcast studios 
designed with convex surfaces of plywood,” J. Acous. 
Soc. Am. 13, 244 (1942). 
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broadcast studios. Volkmann introduces this sub- 
ject with the following generalization: ‘‘Ex- 
perience in rooms with wood-paneling and sound- 
diffusing surfaces indicates that the manner in 
which the reverberant and other after sounds in a 
room are distributed has possibiy as much to do 
with the acoustical excellence of a room as the 
actual time of decay in the room.” Figure 3 
shows, by means of polar diagrams, the diffusive 
reflection of sound from a convex panel compared 
with that from a flat panel. Volkmann obtained 
these curves by rotating the panel about its long 
axis while the sound source and a directional 
pickup were kept constant. The convex panel was 
made from a 4X8 ft piece of plywood formed 
over a cylindrical frame, bowed in such a way 
that the 4-ft arc had a chord length of 44.5 in. 
in a maximum “bulge” of 7.75 in. Volkmann 
presents data and curves showing that (i) the 
interference pattern between direct and reflected 
sound in a room is diminished by the use of these 
convex panels; (ii) the natural decay curve 
(panel resonance) of these panels is approxi- 
mately a straight line for the first 30 db of decay 
and occurs at a rate of about 100 db/sec; and 
(iii) the reverberation characteristic for a studio 
12.5X2032 ft treated with plywood poly- 
cylindrical diffusers, of three sizes and curvatures 
and placed mutually perpendicular to each other 
on the walls and in the ceiling so as to give maxi- 
mum diffusion in the three orthogonal directions, 
is relatively smooth and flat from 30 to 8000 
cy/sec, varying between a maximum reverbera- 
tion time of 0.75 sec at 60 cy/sec to a minimum 
of 0.44 sec at 800 cy/sec, and then rising to and 
remaining at about 0.6 sec for frequencies of 
3000 to 8000 cy/sec. Volkmann concludes “that 
wherever this general type of polycylindrical 
wood diffuser has been used along with the 
necessary absorbents for optimum reverberation 
the results have been more than satisfactory.” 


Boner,!6 who has further investigated the effects of 
plywood polycylindrical diffusers in several studios in 
Dallas and at the University of Texas, confirms this 
conclusion, and notes several other advantages from the 
use of these diffusers, such as “random” spacing and 
dimensions of the diffusers to improve the flatness of the 
reverberation characteristic, and the application of several 
coats of hard paint or shellac to increase reflection at high 


16 Reference 15. 


Optimal Time of Reverderation 
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Volume of Room 


Fic. 4. Optimal reverberation times at 512 cy/sec, of rooms 
for speech and various types of music. 


frequencies and thus compensate for the increasing 
absorption in the air at the higher frequencies; he notes 
also that ‘‘bands accustomed to playing in overtreated 
rooms . . . are surprised at the ease with which a high 
level is obtained ...,” and he reports that ‘“‘single- 
microphone pickup for orchestra or chorus . . . in such 
rooms gives the best results.” 


Numerous other instances could be cited that 
attest to the acoustical merit of diffusers in 
studios and music rooms. Thus Gurin and 
Nixon!’ remark that: 


Surface irregularities, such as ‘‘diffusespheres,”’ 
splays, vee’d surfaces, and scattered absorption treat- 
ment, have been employed with excellent results and 
are illustrated in such studios as National Broad- 
casting Company Studios 3A, 6A, and 6D, in New 
York, and the National Boradcasting Company 
Studio A in Chicago. . . . With good diffusion, the 
pick-up of sound from a musical group is less critical 
and there is consequently greater freedom in micro- 
phone placement. A better balance between the 
various instruments is also easier to obtain. .. . 


Gurin and Nixon have made several ‘‘trans- 
mission-frequency characteristics” by recording 
the level as a function of frequency at a large 
number of locations in existing studios. These 
curves are much smoother in rooms treated with 
diffusers than are the comparable curves for 
rooms not thus treated. These authors believe 
that, while the reverberation characteristic is 
the best single index of studio performance, 
good diffusion adds many meritorious features 
to a studio. . 

(c) Rooms with controllable acoustics.—It has 
been recognized for many years that the optimal 

17H. M. Gurin and G. M. Nixon, ‘‘A review of criteria 


for broadcast studio design,’’ J. Acous. Soc. Am. 19, 406 
(1947). 
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Fic. 5. Preliminary study, in plan, of a band and 
orchestra room. The dotted lines indicate the positions of 
rotatable acoustical cylinders in the ceiling. 


acoustical properties of a room depend upon the 
functions the room is to serve. For example, 
Fig. 4 gives the approximate range of optimal 
reverberation times (at 512 cy/sec) for unam- 
plified speech and for different types of music.!® 
In order to obtain in a single room the range of 
reverberation times recommended in Fig. 4, it 
is desirable to equip the room for providing ad- 
justable absorption. In addition to the control 
of the reverberation time at 512 cy/sec, it is 
desirable to control the reverberation charac- 
teristic over a wide range of frequencies and, in 
some instances, also the degree of diffusion of 
sound in the room. 

Several expedients have been used for pro- 
viding variable and controllable reverberation in 
rooms. For example, Moeller'® as early as 1930 
recommended adjustable reverberation for audi- 
toriums, and described a series of rolling curtains 
which he had designed for the control of rever- 
beration in the Assembly Hall of the Workmen’s 
Club at Ozd, Hungary. All or selected ones of 
these curtains can be let down from the ceiling 
to such heights as will provide the optimal con- 
dition of reverberation. Hinged panels, highly 
absorptive on one side and highly reflective on 
the other, have been used to cover part or all of 
the walls of broadcast studios or acoustical test 
chambers. 

The writer recently has recommended the use 


18 Reference 12, pp. 412-413. 
19C, Moeller, Proceedings, XII International Congress of 
Architects, Budapest (1930). 


of rotatable cylinders of special design for the 
control of reverberation, (i) in a large theater, 
which is to offer a wide variety of musical and 
spoken entertainment, including many sound 
effects, and (ii) in a music room, which is to 
serve as a classroom for band or orchestra re- 
hearsals, and as a broadcast studio for band, 
orchestra, chorus, and chamber-music programs. 
Figure 5 shows a preliminary study in plan, and 
Fig. 6 in longitudinal section,?° of this music 
room, which the writer has prepared for White- 
house and Price, architects. The floor is shel- 
lacked Oregon fir and includes a stepped-up 
platform with the risers increasing progressively 
in height from 10 in. in the front to 18 in. in the 
rear. The platform, in plan, is half of a 12-sided 
polygon, thus avoiding, on the one hand, con- 
centric cylindrical risers of the conventional 
form, which often give rise to monotonous reflec- 
tions and objectional focusing of sound, and 
providing, on the other hand, irregularities in 
the floor contour that facilitate the diffusion 
sound. The stepped-up platform affords a direct 
unobstructed path from each instrument in a 
band or orchestra to the microphone, when the 
room is used for broadcasting or recording, or to 
the ears of the conductor, when the room is used 
for instruction and rehearsals. The walls, no 
opposite pairs of which are strictly parallel, are 
of painted 3-in. plywood and incorporate many 
polycylindrical diffusers of two different sizes, 
with random spacing of the bracing and framing 
strips, patterned after those described by Volk- 
mann," and arranged so as to avoid uniform 
spacing of the diffusers. 


The control of reverberation is accomplished by means 
of 36 rotatable cylinders in the ceiling, located as shown 
by the dotted lines in Fig. 5. Each cylinder is 4 ft in 
diameter and 8 ft long; its axis is parallel with the ceiling 
and just 1 ft above the ceiling level, so that 1 ft, that is, 
120°, of each cylinder projects through and below the 
ceiling, as shown in Fig. 7. The convex surface of each 
cylinder is made up of three different materials, each 
extending the full length of the cylinder and each having 
a width of 4.19 ft, which corresponds to 120°. The three 
materials differ greatly in their absorptive properties. 
Thus the material marked ¢ is a 2-in. layer of Fiberglas 
TW-F Wool, having a weight of 1 lb/ft?, covered with 
perforated sheet metal, and having rated absorption 
coefficients of 0.44 at 128 cy/sec, 0.95 at 512 cy/sec, and 


20 Figure 6 shows also a section of a chorus rehearsal and 
lecture room located above the band and orchestra room. 
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GEOMETRIC AND WAVE ACOUSTICS IN ROOM DESIGN 


SHMOS AD REBRAP A coe 


Fic. 6. Longitudinal section (below) of the room shown 
in Fig. 5 and also (above) of another music room. In order 
to provide high sound insulation between these two rooms 
the ceiling of the lower room is suspended by flexible clips, 
the floor of the upper room is mounted on flexible supports, 
and a separate septum of rockwool blanket, covered on 
both sides with heavy, tarred paper, is interposed between 
the two rooms. The grille for the organ chamber is designed 
so as (i) to simulate the favored location, which is behind 


the platform, and (ii) to aid in the diffusion of reflected 
sound. 


continued high absorption at higher frequencies; a is 3-in. 
plywood with coefficients of absorption that do not differ 
greatly from 0.10 throughout the significant audible range; 
b will be a material (not yet determined) with high ab- 
sorption at low frequencies and with progressively lower 
absorption at higher and higher frequencies, such as 
rockwool covered with a very flexible membrane.*! Cylin- 
ders numbered J to 16 (Fig. 5) are geared together and 
can be rotated by means of a motor drive so that surfaces 
a, b or c, or any desired combination of two of them, of 
each of the 16 cylinders, can be exposed to the room. 
Similarly, cylinders numbered 17 to 25 and also those 
numbered 26 to 36 are geared together and can be similarly 
rotated by means of the motor drive. Thus, there are 
three groups of cylinders, one in the front section of the 
ceiling, one in the middle section, and one in the rear 
section. The cylinders in the middle section have their 
axes perpendicular to the axes of the cylinders in the 
front and rear sections. This helps, in combination with 
the convex reflectors in the walls, to diffuse reflected 
sound in all directions in the room, and thus the sound 
approximates an ergodic state. 


There are many acoustical advantages in these 
rotatable cylinders, which provide a ready means 


_ 7 See, for example, reference 12, p. 215, last two entries 
in Table XV. 


Fic. 7. Section through three acoustical cylinders—the 
three numbered 27, 31 and 34 in Fig. 5. In the position in- 
dicated the highly absorptive Fiberglas surface of each 
evlinder is fully exposed to the room. 


for adjusting the reverberation in the room 
to the optimal conditions for speech or vari- 
ous kinds of musical program. Thus, when the 
room is to be used as a lecture room, cylinders 
1 to 16 should have the plywood portion exposed 
to the room, and cylinders 17 to 36 should have 
the Fiberglas portion exposed. For most musical 
purposes, cylinders J to 16 usually would have 
most of the Fiberglas—that is, surface c exposed, 
but different areas of surfaces a or 6 could be 
used in combination with c, and cylinders 17 to 
36 would usually have their plywood surfaces 
exposed. When a small audience is in the room, 
most of the Fiberglas surfaces of all cylinders 
should be exposed; also for chamber music, 
especially when such music is to be broadcast 
or recorded, much of the Fiberglas surface usually 
should be exposed; but, for other types of 
chamber music certain fractions of the Fiberglas 
and plywood might give better results. Changes 
might well be made for different numbers of the 
same program, or even for different parts of the 
same number. Experiments will be required to 
determine the best combinations and settings of 
the cylinders for different types of program. 
Further research, in which the departments of 
music, theater arts, physics and radio should 
cooperate, will be needed to determine the best 
uses of such rotating cylinders. In some rooms 
it may be desirable to use similar cylinders for 
the walls as well as in the ceiling, and in certain 
cases it might prove advantageous to have one 
of the three surfaces of each cylinder made very 
reflective, as would result from the use of heavy 
steel plate. 

In the foregoing examples of the acoustical 
design of rooms, the usual reverberation formula 
[Eq. (2)], based on geometric acoustics, has been 
used for calculating the optimal reverberation 
characteristics for each room; but the recent 
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developments in wave acoustics have served as 
an indispensable guide (i) in determining the 
proper shape of each room, and (ii) in selecting 


LEON BLITZER 


and distributing the most propitious absorptive 
and reflective materials for the walls, floor and 


ceiling of each room. 


On the Meaning of the Fresnel Coefficient of Ether Drag in Relativity 


LEON BLITZER 
University of Arizona, Tucson, Arizona 


I 


PERUSAL of most of the currently used 

intermediate textbooks on optics and 
modern physics reveals, among those! which 
discuss the relative motion of matter and ether, 
a common failure to reconcile satisfactorily both 
the, positive and negative results of experiments 
in this field. Specifically, those optical experi- 
ments leading to positive results are explained 
in terms of Fresnel’s ether theory (in fact, all 
positive observations connected with light propa- 
gation are reducible to the Fresnel coefficient of 
ether drag, as will be discussed in detail below), 
while the negative result of the Michelson- 
Morley experiment is accepted as a basis for the 
postulates of restricted relativity. The uniniti- 
ated reader is thus left in an extremely unsatis- 
factory state: he is given to understand that the 
theory of relativity implicitly denies the existence 
of a stationary ether, and at the same time the 
positive results of the optical experiments other 
than that of Michelson and Morley are not 
explained in terms of this theory. 

The writer recalls his own bewilderment in 
student days regarding this dilemma, and has 
recently detected the same confusion among his 
own students who relied on the textbooks and 
even among his colleagues. It is with this in 
mind that the following remarks are offered. 


1 Houstoun, A treatise on light (Longmans, Green, ed. 6, 
1930); Jauncey, Modern physics (Van Nostrand, ed. 2, 
1937); Jenkins and White, Fundamentals of physical optics 
(McGraw-Hill, 1937); Richtmyer and Kennard, Intro- 
duction to modern physics (McGraw-Hill, ed. 3, 1942); 
Robertson, Introduction to physical optics (Van Nostrand, 
ed. 3, 1941); Schuster and Nicholson, An introduction to 
the theory of optics (Longmans, Green, ed. 3, 1924); Wood, 
Physical optics (Macmillan, ed. 2, 1934). 


Il 


The usual treatment of the subject is to 
consider first the evidence pointing to the 
existence of a stationary ether. On the assump- 
tion that the density of the ether in any medium 
is proportional to the square of its index of 
refraction, Fresnel in 1818 showed that a moving 
medium effectively drags along the ether inside 
it with the velocity 


va=v(1—p), (1) 


where v and wu are the velocity and index of 
refraction of the medium. In this expression the 
quantity (1—y-*) is generally referred to as the 
Fresnel coefficient of ether drag. 

Since the velocity of light in the stationary 
medium is c/u, where c is the velocity of light in 
empty space, it follows that the velocity of light 
in the moving medium (as measured by an 
observer with respect to whom the medium has 
the velocity v) is given by 


Cy = (c/n) +0(1—p-). (2) 


In this equation v is to be taken as positive when 
both the light and the medium are traveling in 
the same direction, and negative when the 
motions are in opposite directions. 

Fresnel’s equation was put to test in a cele- 
brated experiment by Fizeau in 1859: the light 
from a single source was split into two beams, 
one moving through a tube of water along the 
direction of flow and the other moving through a 
similar tube of water against the direction of 
flow, the difference in the velocities of the two 
beams being measured in terms of the observed 
shift in the interference fringes. A similar experi- 
ment was performed in 1886 by Michelson and 
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Fic. 1. Fluid of index of refraction 4 moving with constant 
speed in a rigid tube. 


Morley with a modified apparatus; however, in 
both cases the observed shift in the fringes was 
in complete accord with that predicted by Fresnel’s 
equation. 

Further support for Fresnel’s theory came 
through a different type of experiment, namely, 
Airy’s measurement in 1872 of astronomical 
aberration. The finding was that the angle of 
aberration was unchanged when the telescope 
was filled with water, a result which could be 
explained only by assuming that the light is 
dragged along by the water in the telescope with 
a velocity given by Eq. (1).? 

On the other hand, the stationary-ether theory 
was dealt a severe blow by the negative result of 
the Michelson-Morley experiment (1881); this 
is an extreme case to which Fresnel’s formula 
applies with »=1, and the effects are of the 
second order in v/c. The general familiarity of 
this experiment obviates the necessity of dis- 
cussing it further; and, as is well known, it 
formed the basis of Ejinstein’s restricted theory 
of relativity (1905). 


II 


At this point in the argument most of the 
textbooks discuss the relativity postulates and 


? Although having no real bearing on the restricted theory 
of relativity, it is of interest to mention another celebrated 
optical experiment, performed by Sagnac in 1913, which 
gave a completely positive effect on the basis of a sta- 
tionary ether. In this experiment the light was split into 
two beams, which were sent in opposite directions around 
a closed circuit and then recombined to form an inter- 
ference pattern, the entire instrument being mounted on a 
turntable that could be rotated. For a while this experi- 
ment was held up as being in contradiction to the theory 
of relativity. However, a very clear explanation in terms 
of the general theory of relativity has been given by 
Langevin, Comptes rendus 173, 831 (1921). 

A similar experiment in which the rays were sent through 
a mile-long evacuated circuit in closed pipes was per- 
formed by Michelson to determine the effect of the earth’s 
rotation on the velocity of light. An account of the work, 
the results of which are in accordance with relativity, is 
given in Astrophysical J. 61, 137 (1925). 
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some of the consequences resulting therefrom, 
such as the Lorentz-Fitzgerald contraction, time 
dilatation, and so forth. However, there seems 
to be no mention whatever as to where the 
results of Fizeau’s and Airy’s experiments stand 
in this new scheme of things. The reader might 
have a ‘‘feeling’’ that somehow the theory of 
relativity probably explains these too; but the 
text is of little or no help in this connection. 

The derivation of Fresnel’s equation and its 
proper interpretation in the light of the theory 
of relativity would serve not only to dispel the 
usual dilemma in the mind of the student but 
also to illustrate how our revised concepts of 
space and time logically harmonized the appar- 
ently contradictory results of reliable physical 
measurements. The procedure is straightforward 
and now follows.* 


IV 


For a single event witnessed by two observers 
O and O’, moving relative to each other along 
the x direction with constant velocity v, the 
relativistic relations between the respective 
space-time coordinates of the event are given by 
the Lorentz transformation equations,‘ namely, 


x—vt 


(1—p?)* 
y’=y, 


_— 
2’ =2, 


, 


t—vx/c? 


(1-2) 


where B=v/c. 

Consider now water, or any fluid ‘of index of 
refraction yp, to be flowing with constant speed v 
through a rigid tube (Fig. 1). Let Oxyz be the 
frame of reference for an observer at rest relative 
to the tube, while O’x'y’z’ is the frame of reference 
for an observer moving (with the water) with 
constant speed v in the x direction. Assume an 


3 The essential point to be made here is not new, but 
was first demonstrated by Laue, Ann. d. Physik [4] 23, 989 
(1907). Also, many books on relativity treat the subject 
at length. 

‘For a lucid account of the meaning of the Lorentz 
transformation equations, see Epstein, ‘‘The time concept 
in restricted relativity,’ Am. J. Physics 10, 1, 205 (1942). 
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instantaneous pulse of light to be emitted at the 
point x, on the tube and be received at x2. We 
thus have two events—the emission and reception 
of the light pulse—witnessed by both observers. 
The space-time coordinates of these events are 
(41, Yi, Z1, t1) and (x2, Ye, 22, te) for observer O, 
and (x1', yi’, 21’, ti’) and (xe’, ye’, 20’, te’) for 
observer O’, the coordinates being related by 
Eqs. (3). For observer O’, with respect to whom 
the medium is at rest, the velocity of the light is 
merely c/y, that is, 


Ax’ /At’ = (x2’ — xy’) /(te’ — th’) =C/p. (4) 


To observer O the velocity of the light pulse is 


Ax /At = (x2—%1)/(te—-h), 
which, by Eqs. (3) and (4), reduces to® 


Ax fc ~~ ; 
At b pc 


5 The more experienced reader will recognize this as the 
relativistic addition theorem for velocities in the x direc- 
tion. The theorem states that if u’ is the velocity of a 
particle relative to observer O’, and if v is the velocity of 
O’ relative to O, then the velocity of the particle relative 
to O is given by 

u’+v 


Two] 
In the case at hand, u’=c/p. 


w 
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Expanding the quantity (1+v/yc)-! and neg- 
lecting the terms in v/c of orders higher than 
the first, we find that Eq. (5) reduces simply to 
Fresnel’s familiar expression, Eq. (2). 

Thus we see that Fresnel’s equation is merely 
a logical outcome of the theory of relativity. 
What was formerly called the ether drag coeffi- 
cient, 1—y-*, is now interpreted merely as the 
fractional relative velocity that enters because 
of the relative motion of the medium and the 
observer, without any assumptions as to the 
properties or even existence of any ether. Thus 
the apparent contradiction between Fizeau’s and 
Airy’s experiments of the one hand, and the 
Michelson-Morley experiment on the other, is 
really nonexistent. 


Vv 


Since the avowed purpose of the afore-men- 
tioned texts! is mainly pedagogic, it is believed 
that the authors should have shown explicitly 
how the theory of relativity accounts for the 
Fresnel coefficient just as well as it accounts for 
the Michelson-Morley result. 

The writer is grateful to Professor P. S. 
Epstein for some valuable suggestions; especially 
for bringing to his attention the treatment of 
the subject by Laue and others. 


The intellectual climate of the last two decades has not been conducive to genuinely philosophic 
thought on educational problems. It somehow seems easier in an uncertain world to sink back into 
the comfortable arms of history. Moreover, the brilliant successes of science in devising new tech- 
nological weapons is in such contrast to the failure of democratic culture in trying to reconstitute 
Germany according to philosophic postulates which ought theoretically to be immediately acceptable 
to all men, that sensitive, book-minded persons prefer asking what Plato would say about the state 
to inquiring why we do not succeed in implanting in the German nation a zeal for American democ- 
racy. But the discrepancy between our science, fully committed to experimental research, and the 
arts and philosophy giving up experimentalism in favor of one or another pattern of ‘‘general” (and 
inevitably, in greater or less degree, dogmatic) education does not increase one’s educational faith. 
The split is too obvious —Howarb Mumrorp Jones, Education and world tragedy. 





The Doppler Effect as a Photon Phenomenon 


WALTER C. MICHELS 
Bryn Mawr College, Bryn Mawr, Pennsylvania 


HEN students at an elementary or inter- 
mediate level are being introduced to the 
de Broglie relationships, it is helpful if they are 
acquainted with a number of illustrations of the 
equivalence of the wave and particle descriptions 
in the theory of light. It is therefore unfortunate 
that most textbooks place so little emphasis on 
this equivalence. The traditional approach, which 
is still the most common one, depends almost 
entirely on the wave description and super- 
imposes the photon concept only for such 
phenomena as the photoelectric and Compton 
effects. Even those treatments that devote con- 
siderable space to the wave-particle parallelism 
are likely to treat the two theories as though they 
covered no common ground. An example of 
this is the statement: ‘‘In spite of the fact that 
radiation possesses this dual character, it never 
exhibits both characteristics in one experiment. 
In a given experiment it behaves either as a 
wave or as a corpuscle.”’ ! 

By analogy with the mechanics of other 
elementary particles, one might expect that the 
photon assumption should be sufficient for the 
problems of geometrical optics, the wave treat- 
ment becoming necessary only when the detailed 
problems of interference and diffraction are dis- 
cussed. That this expectation is fulfilled, at least 
in part, is shown by several studies? of refrac- 
tion as a photon phenomena. These indicate that 
a relativistic treatment of the photon can account 
for Snell’s law when nondispersive media are 
concerned. It is true that attempts to extend the 
treatment to dispersive media have not yet been 
successful. 

A more striking example of the equal validity 
of the two treatments can be found in the photon 
theory of the Doppler effect. It can be shown 
quite easily that this effect, which is usually 
treated as a pure wave phenomenon, follows 


1H. Semat, Introduction to atomic physics (Rinehart, rev. 
ed., 1946), p. 152. 

?L. Brillouin, Comt. Rend. 178, 1696 (1924). 

3S. Serghiesco, Compt. Rend. 202, 1563 (1936). 


4W. C. Michels and A. L. Patterson, Physical Rev. 60, 
589 (1941). A 


equally well from a photon hypothesis. While 
such a result is not unexpected, it is considered 
to be of value in emphasizing the equivalence of 
the wave and particle approaches. 

The relativistic theory of the Doppler effect, 
on the wave hypothesis, was developed by Ein- 
stein® in his original article on restricted rela- 
tivity. In 1922, Schroedinger derived the cor- 
responding theory for the photon,® by a con- 
sideration of the recoil of the emitting molecule. 
The special case of Schroedinger’s treatment in 
one dimension has been reproduced in only one 
textbook’ to the best of the author’s knowledge. 
The following treatment is somewhat more 
general, since it involves no detailed mechanisms. 

Consider a particle of rest mass mp which is 
moving with a velocity v at an angle @ with the 
x axis, in a system of coordinates attached to an 
observer O. Then, as observed by O, the mo- 
mentum of this particle is 


pb=muwv/(1—v/c*)}, (1) 


and its energy is 


E=mygc*/(1—v*/c*)}, (2) 


where c is the speed of light. If a second observer 
O’ is moving with a speed u with respect to O 
along the x’ axis (which coincides with the x axis 
of O), the velocity of the particle in his system 
of coordinates will have the components 


vz’ = (v cosd—u)/(1—uv cos6/c’), 
vy =v(1 —u?/c?)*/(1—uv cos0/c’). 


Substitution of these values into the expressions 
for the momentum components shows that these, 
as observed by O’, are given by 

pe =mo(v cosd—u)/(1—u?/c?)*(1—v*/c*)#, (3a) 


(3b) 


Py = my sind/(1 —v?/c*)!. 


5 A. Einstein, Ann. Physik 17, 891 (1905). 

6 E. Schroedinger, Physik. Z. 23, 301 (1922). 

7G. E. M. Jauncey, Modern physics (Van Nostrand, ed. 
2, 1937), pp. 359-361. 
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Similarly, the energy as observed by O’ is 


E! =my,c?(1 — uv cos6/c?) / 
(1—u?/c?)4(1—v*/c*)*. (4) 
Equations (1) to (4), while of general validity, 
are not convenient for the discussion of photon 
mechanics, since they contain the rest mass ex- 
plicitly. If this mass is eliminated from the 
equations, we find relations connecting the 
momenta and energies in the two systems: 


pz = p:(1—u/v cosé)/(1 —u?/c?), (5a) 
by =Py (5b) 
E’ = E(1—wv cos6/c)/(1—u?/c?)?. (6) 


These equations are valid for the transformation 
of the momentum and energy of any particle; 
hence they may be applied to a photon, as ob- 
served in the two systems, by letting y=c. This 
gives 

2 =72(1—u/c cos) /(1—u?/c?)3, 


(7a) 
(7b) 
’=e(1—u cos@/c)/(1—u?/c*)', (8) 


Ty’ = Ty, 


where wz and e are used, respectively, for the 

momentum and energy of the photon. 
Equations (7) lead to the customary relativistic 

expression for the abberation of light,®*® 


cosé’ = (c cos#—u)/(c—u cos8), 


where @’ is the angle between the photon path 
and the x’ axis. This result, being a purely 
kinematic one, must follow from either a wave 
or a particle hypothesis. 


8 See, for example, G. Joos, Theoretical physics (Stechert, 
New York, 1934), p. 234. 
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Equations (7) and (8), derived without refer- 
ence to wave motion, describe completely the 
optical Doppler effect. Further, this effect can 
be observed in principle without recourse to any 
wave properties of light. For example, suppose 
that O in the foregoing discussion measures the 
radiation pressure P of a monochromatic light 
beam falling on a perfectly absorbing surface 
and the rate U at which the beam delivers 
energy to the surface. If O’ makes a similar set 
of measurements on the same beam, he finds a 
different pressure P’ and a different power U’ 
from those found by O. The ratios P’/P=2'/x 
and U’/U=¢e'/e are given by Eqs. (7) and (8). 
Further, since the radiation pressure is equal to 
the momentum per photon times the number of 
photons reaching the surface in unit time, and 
the energy absorbed is equal to the energy per 
photon times this same rate of photon arrival, 
the ratio U’/P’=e'/x’. Both observers obtain 
the same value for this ratio, and may therefore 
conclude from their pressure and power measure- 
ments that the velocity of the photons is in- 
variant. 

To show the equivalence of Eqs. (7) and (8) 
to the usual expressions for the Doppler effect,® 
we need merely apply the de Broglie relation- 
ships to find that the wavelength as observed by 
O’ is 

NV =h/r’ =X(c2—u*)*/(c—u cos), (9) 
and that the frequency as observed by O’ is 


v’ = /h=v(c—u cos6)/(c?—u?)?. (10) 


The author wishes to express his appreciation 
of discussions of photon optics with his colleague, 
A. L. Patterson. 


Jt is not enough borne in mind that the capacities of pupils do not stretch proportionately with 
the increase of knowledge, and that if new matter is to be included, some old matter must be jettisoned 
to make room for it. This is sure to be opposed by some of the old school; and there is a tendency to 
compromise by including the old and the new as well.—J. J. THOMSON. 
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Temperatures Near the Absolute Zero 


Simon A. WEISSMAN 
Brooklyn Technical High School, Brooklyn 1, New York 


HE study of the properties of matter at 

extremely low temperatures has become 
increasingly important in recent years. Every 
step toward a lower temperature has been 
achieved by liquefying gases with successively 
lower boiling points. A comparatively simple 
method for liquefying helium and, by evapora- 
tion, reducing its temperature to 0.71°K has been 
devised.! At this temperature the vapor pressure 
is so small that it is impossible to produce a lower 
temperature by further evaporation. A gas with 
a still lower boiling point does not exist. 

In general, to reach low temperatures, it is 
necessary to have at one’s disposal a system that 
is still in a state of great disorder which can be 
changed by changing an external variable. Con- 
sider a cylinder with a piston containing a gas, the 
whole system being perfectly insulated from its 
surroundings. The state of disorder of this system 
depends upon the temperature and volume of the 
gas. When the gas is compressed adiabatically, 
the state of order corresponding to volume is 
increased. Since, according to the second law of 
thermodynamics, the state of order must remain 
constant during a reversible adiabatic process, 
the disorder due to thermal motion must increase. 
The temperature of the gas will therefore rise. 
If the cylinder is now brought into thermal 
contact with its surroundings, the gas will cool 
to its initial temperature and the state of disorder 
due to thermal agitation will decrease. Now 
insulate the system again and pull the piston out 
adiabatically. The disorder due to the volume 
will increase; hence the disorder due to temper- 
ature must decrease. In other words, the temper- 
ature of the gas in the cylinder will fall. 

Entropy is a measure of the state of disorder, 
and the second law of thermodynamics states 
that within an tsolated system during any change 
the entropy can only increase, or at best, if the 
change is reversible (so that unnecessary disorder 
is avoided) it can remain the same. To cool a 
substance means to diminish its energy, and 


1W. H. Keesom, Proc. Acad. Sci. Amsterdam, No. 219a, 
35, 136 (1932). : 


since this increases the internal order of its 
particles, the entropy is decreased. Thus, when 
a gas is liquefied the entropy of the gas is 
decreased. The liquid may be cooled until it 
solidifies. The particles in a crystal lattice are in 
a state of nearly perfect order, only their thermal 
vibrations around their mean positions are still 
a source of some disorder. When the solid is 
cooled still further, even this disorder vanishes 
and a state of zero entropy is approached. A set 
of molecules at rest in an accurate space lattice 
would be in a state of complete order; that is, 
its entropy would be zero. 

How can we proceed to lower temperatures 
than that of, say, solid helium? What disordered 
systems still exist at these low temperatures? It 
has been found that in paramagnetic salts 
random orientation of the dipoles still exists at 
these low temperatures. 

Paramagnetism.—Paramagnetic phenomena 
have been ascribed to the existence in substances 
of small permanent molecular magnets or mo- 
lecular magnetic dipoles which can orient them- 
selves in an external magnetic field so that their 
axes tend to correspond with the direction of the 
field. This causes a positive magnetization in the 
same direction. Such an action would be counter- 
acted by the disorienting thermal motions of the 
molecules. Thus it would be expected that the 
permeability would increase as the temperature 
decreased and the paramagnetic properties would 
markedly depend on temperature. At low tem- 


peratures the hindrance due to thermal agitation 


is to a great extent removed and large magneti- 
zations are possible. Thus a paramagnetic solid is 
not a magnet but becomes magnetized when 
placed in a magnetic field. 

The atomic theory of magnetism, connecting 
permanent magnetic moments of the molecules 
(or ions) with magnetization, was first developed 
by Langevin on the basis of classical theory ; it is 
assumed that the substance consists of a large 
number of particles all having the same magnetic 
moment and that any orientation of the ele- 
mentary magnet is possible in a magnetic field. 
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Substantially the same results were obtained by 
Debye on the basis of modern quantum theory, 
which assumes that orientations are quantized. 
This theory? of magnetism, deduced originally 
for gases, can be easily extended to paramagnetic 
salts in solution. The close analogy between 
dissolved substances and gases has been recog- 
nized since the days of van’t Hoff. In applying 
the theory to paramagnetic salts it is assumed 
that the crystals are “magnetically dilute,” 
which is interpreted to mean that there exist 
large separations of the magnetic ions owing to 
the inclusion of large nonmagnetic anions, water 
of crystallization, and so forth. Examples of 
such substances are gadolinium sulfate, iron 
ammonium alum, and potassium chromium alum. 

Magnetic susceptibility—The magnetic sus- 
ceptibility of a paramagnetic salt is a measure 
of the ease with which the magnetic dipoles can 
be oriented. The smaller the thermal agitation 
the more readily will the dipoles be directed by 
an external field. Thus it would be expected 
that the susceptibility x should be, roughly, 
inversely proportional to the absolute tempera- 
ture T. In 1895 Pierre Curie showed that for 
oxygen gas x = C/T, where C is a constant having 
a definite value for each substance. This is known 
as the Curie law. In general, however, Weiss’ law, 
x=C/T—A, with either positive or negative 
values of A, appears to be in better agreement 
with experimental results as long as T exceeds 
A. In certain cases A is zero so that either the 
Curie or the Weiss law may be used down to the 
lowest temperatures investigated. The constant 
A is greatly dependent on the nature of the 
substance, being smaller when the ‘magnetic 
dilution” of the molecules is greater. In 1914 
Kammerlingh-Onnes suggested that the Curie 
law might be expected to hold for paramagnetic 
crystals that can be regarded as dilute solutions. 

Magnetocaloric effect—In 1926 Debye® and 
Giauque‘ independently suggested the use of 
paramagnetic salts for reaching temperatures 
close to the absolute zero. Here we have sub- 
stances for which the distribution of the dipoles 
is still random at the lowest temperature previ- 


2J. H. Van Vleck, Electric and magnetic susceptibilities 
(Oxford, 1932), Chap. 7. 

3 P. Debye, Ann. d. Physik 81, 1154 (1926). 

4W. F. Giauque, J. Am. Chem. Soc. 49, 1870 (1927). 
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ously reached (0.71°K). The following is a brief 
outline of the principles involved, the details of 
which will be presented later. 

The disorder of this system consists of two 
parts: one is due to the distribution of the 
directions of the dipoles, and the other to the 
thermal motion of the atoms. Now let us con- 
sider one of these paramagnetic salts at an 
initial temperature of about 1.6°K, obtained by 
contact with a bath of liquid helium boiling 
under reduced pressure. If a large magnetic field, 
of the order of 20 to 30 kilogauss, is now applied, 
the dipoles line up, producing a decrease in 
entropy. Since the salt is at constant tempera- 
ture, there is no compensating increase in 
entropy. Entropy is liberated or ‘squeezed out” 
of the salt during an isothermal magnetization. 
This manifests itself in a flow of heat to the 
helium bath, in consequence of which some of the 
helium boils away. If the substance is now 
demagnetized adiabatically by insulating it from 
the surroundings and removing the magnetic 
field, the dipoles revert to a random distribution 
again. This increases the magnetic entropy; but, 
as the total entropy must remain constant, the 
temperature must fall. The change of tempera- 
ture, positive when the field is increased adia- 
batically and negative when the field is decreased, 
is known as the magnetocaloric effect. It may be 
pointed out that this process corresponds exactly 
to the adiabatic expansion of a gas previously 
described. 

Thermodynamic considerations.—T he equations 
leading to the magnetocaloric effect can be 
developed as follows. We start with the equation 


TdS=C,dT—T(aV/aT) dP, (1) 


where T is the absolute temperature, S the 
entropy, and C, the specific heat at constant 
pressure. 

Equation (1) is true for any substance whose 
coordinates are P, V and T. The corresponding 
equation for a paramagnetic solid in a field of 
strength H may be obtained if the pressure P is 
replaced by —H and the volume V is replaced 
by J, the intensity of magnetization. Hence 


TdS=CydT+T(0I/dT)dH. (2) 


Although the Curie law holds only for small 
values of the ratio H/T, it is instructive to 
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apply Eq. (2) to a solid within this range. From for a finite change of field from H; to H;. Equa- 
the Curie law we have tion (6) shows that there is a decrease in entropy 
during isothermal magnetization. 
=C/T=I1/H; ; : ; . 
xeC/ / (3) Since TdS=dQ, Eq. (5) provides an'expression 
T(01/8T) x= —CH/T=~—I, for the heat transferred : 


hence, 


and 
TdS=CzdT —IdH. (4) 


For an isothermal magnetization, that is, T 
constant, 7dS= —IdH. Since I=CH/T, 


TdS= —(C/T)HdH, (5) 


Q=-(C/T) f , HH, 


Q= —(C/2T)(H/? —H). (7) 


and Equation (7) shows that heat is rejected when 
ad the substance is magnetized isothermally. 

AS= —(C/T*) be HdH, If, however, the salt is magnetized adiabati- 

s cally, S is constant in Eq. (4); hence CydT 

AS= —(C/2T*)(H?—H?), = IdH;and, since [= CH/T, dT = (C/CzT)HdH. 
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For a finite change, assuming Cy to be constant, 
AT = (C/2CuT)(H?—H?). (8) 


Equation (8) shows that an adiabatic demagnet- 
ization produces a drop in temperature. 

Experimental procedure-——-We have already 
seen that the temperature reached is a function 
of the magnetic field, and to obtain sufficiently 
strong fields, small pole gaps are necessary. The 
part of the cryostat containing the salt is there- 
fore very narrow, and for this reason only a 
small amount of salt can be used. 

The apparatus is constructed so that one can 
carry out first an isothermal magnetization at a 
temperature as low as possible, and then an 
adiabatic demagnetization. In other words, one 
must be able first to bring the salt into thermal 
contact with a bath of liquid helium which takes 
up the heat of magnetization, and afterwards to 
remove that contact. This is accomplished by 
filling the outer space of the capsule B (Fig. 1) 
with helium gas (exchange gas) at a pressure of 
a few millimeters of mercury. The contact may 
be removed by pumping off the exchange gas. 
This procedure effectively insulates the salt from 
its surroundings. 

In the actual experimental procedure, the salt 
is placed in container B, which is in thermal 
contact with liquid helium boiling under a low 
pressure—about 0.7 mm of mercury. The mag- 
netic field is then applied. Liberation of the heat 
of magnetization is indicated by the increased 
rate of evaporation of the liquid helium in C. 
The stationary state is re-established in about 
30 sec. Then the exchange gas is pumped away 
(the magnetic field still being on) and a high 
vacuum is established in a few minutes. Finally, 
the field is removed, and the salt is therefore 
cooled. 

It is desirable to shorten the time necessary 
for conducting away the heat of magnetization 





of a salt located within the cryostat. 





Fic. 2. Induction method of measuring the susceptibility 
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and for the subsequent establishment of a high 
vacuum, particularly because during this time 
the magnet has to remain on. If this time is 
short, one can overload the magnet and obtain 
higher fields. Kurti and Simon® designed their 
apparatus so as to obviate the necessity for 
removing the traces of exchange gas by pumping. 
At these low temperatures, the vapor pressure 
of helium becomes so small that the residual gas 
must condense on the surface of the substance. 
The condensation of the helium gas contained 
in a volume of 10 cm*® at 1°K and under a 
pressure of 0.001 mm of mercury corresponds to 
a transfer of entropy of 210-® cal/deg, taking 
0.5°K as the mean condensation temperature. 
Such an entropy transfer is negligible. It may be 
of interest to mention that the vapor pressure 
of helium at 0.05°K is about the same as that of 
iron at room temperature. In a closed space, 
having a temperature of even as much as 0.1°K, 
there exists a much higher vacuum than can be 
obtained in any other way known at the present 
time. 

In Fig. 1, the lower part of the helium liquefier 
is indicated by V and its temperature can be 
reduced to about 1.6°K by pumping off the 
liquid helium. In order to obtain still lower 
initial temperatures, a second container C is used, 
into which helium can be condensed through the 
thin-walled German-silver tube G. This container 
is surrounded by the metal shield S, which is 
soldered to the helium liquefier so that it assumes 
its temperature. Consequently, the heat flow to 
C is very small, and it is possible to reduce the 
temperature to about 1°K by connecting it 
through G to a mercury-diffusion pump. The 
lower part of C is also the inner part of a ground 
joint, the outer part being the upper end of B, 
the container for the substance. This container 
is connected to C, the ground joint being smeared 
with tap grease. The container B can be filled 
with helium gas or can be evacuated through the 
tube R. To prevent radiation, all of these parts 
are surrounded by the copper vessel A, which is 
situated in a bath of liquid hydrogen. It is 
evacuated at the beginning of the helium lique- 
faction and remains so during the whole experi- 
ment. 


5N. Kurti and F. Simon, Proc. Roy. Soc. London (A) 
149, 152 (1935). 
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TEMPERATURES NEAR 

Results —The first successful experiment was 
completed in 1933 by Giauque and MacDougall.® 
Using the traditional gadolinium sulfate at an 
initial temperature of 1.5°K and an initial field 
of 8000 gausses, they reached an estimated 
temperature of 0.25°K. Using cerium ethylsulfate 
at an initial temperature of 1.35°K and an 
initial field of 27,600 gausses, de Haas, Wiersma 
and Kramers’ reached an estimated temperature 
of 0.085°K; although this substance has a small 
magnetic moment and the crystal is very dilute, 
yet it will not reach very low temperatures. 
Kurti and Simon have reached 0.038°K using 
iron ammonium alum by starting at 1.23°K and 
14,100 gausses. The same salt at an initial 
temperature of 1.08°K and a field of 32,000 
gausses yielded? a final temperature of 0.010°K. 
Ashmead? estimated a temperature of 0.005°K 
when he demagnetized copper potassium sulfate 
by starting at 1.17°K and 35,900 gausses. 

A record low of 0.0044°K was obtained by 
de Haas and Wiersma” in 1935. They used 
potassium chromium alum and a mixed salt 
consisting of potassium chromium alum diluted 
with potassium aluminum alum. The volume of 
of the sample was 56 cm’, and the demagnetiza- 
tion process started in a field of 24,075 gausses 
at 1.174°K and ended at 1 gauss. 

Diluting the magnetic salt by mixing it with 
a chemically similar nonmagnetic salt seems to 
yield lower temperatures. The specific heat limits 
the advantage, and in this case the heating 
becomes very rapid owing to the small energy 
contained in the substance. It is important not 
only to obtain low temperatures but to be able 
to keep them. The rate of warming up depends 
of course on the specific heat. 

Measurement of low temperatures.—In the new 
range below 0.7°K, gas thermometry is not 
feasible. The vapor pressure of liquid helium at 
0.7°K is calculated by the use of a formula with 
the aid of constants derived by Keesom,!" and 

®°W. F. Giauque and D. P. MacDougall, Physical Rev. 
43, 768 (1933). 

7™W. J. de Haas, E. C. Wiersma and H. A. Kramers, 
Physica 13, 175 (1933). 

8N. Kurti, P. Laine, B. V. Rollin and F. Simon, Compt. 
Rend. 202, 1576 (1936). 

9]. Ashmead, Nature 143, 853 (1939). 

1935). J. de Haas and E. C. Wiersma, Physica 2, 335 
a W. H. Keesom and G. Schmidt, Physica 4, 963, 971 
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Fic. 3. Entropy-temperature diagram showing rela- 
tionships by means of which very low temperatures are 
measured. An isothermal magnetization A to B (from 
field H=0 to H) is followed by an adiabatic demag- 
netization B to C (from H; to H=0). 


found to be 2.93 X 10-* mm of mercury. At 0.1°K, 
the formula yields 5.88X10-*' mm of mercury. 
Debye showed that one may expect to find 
5.6X10-" atoms/cm*. It is natural that gas 
thermometers should fail at the same tempera- 
ture at which they cease to be useful for lowering 
temperature. 

Because atomic processes are used in producing 
the lowest temperature, they are also useful in 
determining the temperature they produce. We 
therefore choose some property of the salt that 
depends on temperature, and the simplest one is 
the magnetic susceptibility. The temperature 
attained is estimated by measuring the suscepti- 
bility of the salt itself and assuming the Curie 
law, x=C/T, to hold at these low temperatures. 

Kurti and Simon used primary and secondary 
coils around the sample and measured the change 
of magnetic flux through the secondary when a 
small current was sent through the primary. The 
induction system shown in Fig. 2 consists of coil 
A surrounding the salt, connected in series with 
coil C and a ballistic galvanometer G. The 
number of turns in coil C has been so chosen 
that the two fluxes caused by reversing the same 
current in D and the coil E around the cryostat 
compensate each other at a given temperature. 

The susceptibility measurement is made by 
swinging the entire cryostat out of the field of 
the large magnet. In the new psition, coil E is 
slipped over the cryostat. In this position the 
induction between coils A and E is greater than 
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the induction between coils C and D. The throw 
of the galvanometer G for a given current in the 
primary is proportional to the susceptibility of 
the salt. 

The susceptibility follows the Curie law down 
to 1°K. The law is valid only as long as the 
magnetic dipoles are absolutely free, in which 
case every demagnetization would bring us to 
absolute zero. Because this has not happened, 
extrapolations are not justifiable, and this pro- 
cedure cannot give true thermodynamic temper- 
atures. 

Susceptibility measurements, however, are 
useful in identifying the final states achieved 
after demagnetization. 

Our problem now is to get the true absolute 
temperature as defined by the thermodynamic 
scale. Let C and E be the two adjacent points 
whose real temperature we wish to determine. 
If the heat flow, AQ, and entropy difference, AS, 
between the two points are known, then their 
ratio gives at once the real absolute temperature ; 
that is, 


a = AQ/AS. 


The process starts at point A in Fig. 3, with 
the salt cooled to the initial temperature 
Ti[ =1.6°K ]. The temperature T; can be meas- 
ured with a gas thermometer and is therefore an 
absolute temperature. We need not assume that 
any of the curves of constant field strength 
H=0, H; and Hz are known. If the field AH; is 
applied isothermally (in contact with the helium 
boiling under reduced pressure), we reach point 
B. During this process the entropy S drops and 
heat of magnetization Q[ = TAS] is developed. 
This heat is absorbed by the helium and can be 
measured, for instance, by measuring the amount 
of helium that has to evaporate in order to keep 
the temperature constant. The next step is to 
demagnetize the salt adiabatically. This is done 
by breaking the contact with liquid helium and 
reducing the magnetic field to zero; this is 
accomplished most conveniently by rotating the 
entire cryostat out of the magnetic field. It will 
be observed that we move along a line parallel 
to the T axis (S has to remain constant). The 
temperature has in the meantime dropped to T>». 
At this point we measure the magnetic suscepti- 
bility x72. Now let the salt return to point A and 
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again magnetize isothermally with a field Ho, 
reaching point D. A quantity of heat Q+AQ will 
be conducted to the helium; it is measured as 
before. The entropy drop can now be determined 
by subtracting Q from Q+AQ, giving 


Sp—Sp=AQ/Ti. 


Since AQ and 7; are known, the change in 
entropy AS is also known. The salt is again 
demagnetized adiabatically, reaching point E on 
the curve, and yields a slightly lower tempera- 
ture, T3. The new susceptibility x73 is now 
measured. At point E, a known quantity of 
heat AQ, is added to the salt. The heating may 
be accomplished by means of an alternating 
current” or by irradiating the salt with gamma- 
rays. The heat is added at point E, which is 
identified by the susceptibility value x73, and 
the heating is continued until point C is reached, 
which may be identified by its susceptibility 
value x73. The magnetic susceptibility in the 
meantime drops frorn x73 to x72. The entropy 
change at the end of this process is 


AQ, 
S¢—Sz=—_—___—_—_. 
; T.—i(T2—T?) 


During the adiabatic demagnetization the 
entropy difference between C and E is equal to 
that between B and D; therefore, 


AQ_ AQ; 
T, T:—}(T:—Ts) 


from which 7,—3(T2—T73) may be calculated 
since AQ and AQ; are known. The experiment is 
so arranged that T; is very close to T>2, so that 
T2 is very accurately determined. We are thus 
able to determine thermodynamic temperature 
from calorimetric measurements alone. 

There are other methods of determining these 
very low temperatures.'* In one method the 
demagnetization is not carried out to zero field, 
but the principle is the same. 

It may be of interest to compare the true 
thermodynamic temperatures with those ob- 
tained from the Curie law. Although this law is 


2H. B. G. Casimir, W. J. de Haas and D. de Klerk, 
Physica 6, 241, 255 (1939). 


18 N. Kurti, F. Simon and P. Laine, Compt. Rend. 204, 
675 (1937). 


4 N. Kurti and F. Simon, Phil. Mag. 26, 840 (1938). 
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inconsistent with the third law of thermody- 
namics, and must fail as the absolute zero is 
approached, its use for approximate extrapola- 
tion was verified by the accuracy with which held 
down to 1°K. The general expectation had been 
that the temperatures obtained from a Curie 
extrapolation would be too high. Calorimetric 
measurements by Giauque and MacDougall on 
gadolinium phosphomolybdate tridecahydrate 
showed that the Curie extrapolation gives tem- 
peratures that are too low. Kurti and Simon 
carried out similar experiments with ferric 
ammonium alum. 

Conclusion.—T he question that naturally arises 
is: What imposes the limit to the already attained 
temperature of 0.004°K? It should be possible 
to get down to’any temperature provided the 
dipoles of the paramagnetic salt are perfectly 
free, because there would still be a random 
distribution of the dipoles and, hence, a means 
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of lowering the temperature. A possible limit to 
the temperatures obtained in this way might be 
put at 0.001°K. Simon has suggested the possi- 
bility of constructing a two-stage magnetic low- 
temperature generator for reaching even lower 
temperatures. To go still lower with the second 
stage, it would be necessary to find a substance 
in which the interaction forces tending to bring 
the system into an ordered state are still smaller 
than those within the substances used up to the 
present. It is known that nuclear magnetic 
moments are of the order of 0.001 atomic 
moment. Hence, the second stage will have to 
utilize a substance that exhibits nuclear para- 
magnetism. The possibility of attaining 0.0001°K 
by using a paramagnetic salt to cool a substance 
having a suitable magnetic moment is based on 
sound theory. The problem of measuring these 
extremely low temperatures is the beginning of 
another story. 


The History of Science Is Science Itself 


We cannot form a clear picture of the government of 
our country unless we know its political history, and we 
cannot attain to an educationally valuable knowledge of 
science unless we know also how that body of thought 
came to be what in fact it is. We must understand the 
judgments on which it has come to be based. Long before 
the days of Comte, Goethe assured us that the history of 
science was science itself. . . . 

If trained along historical lines from the first, the stu- 
dent will learn to recognize that science has grown in the 
past by the operation of forces similar to those which are 
promoting it in the present, and, moreover, that science 
has not only grown, but has also developed, and that this 
process of development has been so profound that the 


whole appearance of the body of scientific knowledge has 
been changed. This naturally leads to the attitude that 
what has happened repeatedly in the past may be expected 
to happen again, and that even what seems our most 
fundamental scientific conceptions are liable to revision. 
It is in this willingness to reivse opinion that the scientific 
attitude is found. . . . Practical acquaintance with the 
methods of science is assuredly needed to help us live our 
lives. A survey of science that shall aid us in understanding 
our world is no less essential to make our lives worth 
living. For such a survey, historical considerations are 
not only necessary, but are implicit in the very attempt.— 
C. Stncer, Introduction to TURNER’s Makers of Science 
(1927). 





Jubilee of the Electron 


E. C. Watson 
California Institute of Technology, Pasadena 4, California 


HE fiftieth anniversary of the discovery of 

the electron is being celebrated this year.! 

In January 1897, E. WIECHERT published? deter- 
minations of the velocity v and the ratio e/m of 
cathode rays, and attributed the large values of 
the latter to the smallness of the mass m of what 
he termed the “electrical atom.” In a paper? 
written in April, W. KAUFMANN described more 
accurate measurements of e/m by a different 
method; and on April 30, during an evening 
discourse on “‘Cathode rays’’ at the Royal Insti- 
tution, J. J. THOMSON announced a third inde- 
pendent determination and drew the correct con- 
clusion that the particles were much smaller 
than the atoms of hydrogen.‘ Finally, in October, 
THOMSON published the first of three historic 
papers® that demonstrated beyond alJl reasonable 
doubt that the cathode rays are negatively 
charged particles, all alike, and all very much 
smaller than the atom of hydrogen; and that 
gaseous ionization consists in the detachment 
from the atoms of these negatively charged 


particles, whose mass and charge are invariable 
and independent both of the process by which 
they are produced and of the gas from which 
they are detached. 

In view of the great influence that the dis- 
covery of the electron has had upon the develop- 
ment of physics it is appropriate for the American 
Journal of Physics to join in the celebration of 
this jubilee by reproducing in full one of the early 
papers. Many physicists will wish to reread all 
those referred to here, and they will be well 
repaid for so doing.* We have selected for repro- 
duction, however, THOMSON’s Royal Institution 
lecture, both because it is his first and because 
it displays most fully the confusing and almost 
contradictory clues that existed before 1897 and 
points out the path which was followed in reach- 
ing the conclusion that the negative ion in 
gaseous ionization is “the fundamental quantity 
in terms of which all electrical processes can be 
expressed.’’? 


Weekly Evening Meeting 


Friday, April 30, 1897 
Sir Frederick Bramwell, Bart. D.C.L. LL.D. F.R.S. Honorary Secretary and Vice-President, in the Chair 
PROFEsSOR J. J. THomson, M.A. LL.D. Sc.D. F.R.S. 


Cathode Rays 


The first observer to leave any record of what are now 
known as the Cathode Rays seems to have been Pliicker, 
who in 1859 observed the now well known green phospho- 
rescence on the glass in the neighbourhood of the negative 
electrode. Pliicker was the first physicist to make experi- 
ments on the discharge through a tube, in a state anything 
approaching what we should now call a high vacuum: he 
owed the opportunity to do this to his fellow townsman 
Geissler, who first made such vacua attainable. Pliicker, 


1 See ‘‘News and views,” Nature 159, 598 (1947). 

2 Sitzungsber. d. phys. bkonom. Gesellsch. zu Kénigsberg 38, 
1 (1897); Wied. Ann. Beiblétter 21, 443 (1897); see also 
Wied. Ann. 69, 739 (1899) for more accurate determi- 
nations. 

3 Wied. Ann. 61, 544 (1897); 62, 596 (1897). 

4 Proc. Roy. Inst. 15, 419 (1897); also Electrician 39, 
104 (1897). 

5 Phil. Mag. 44, 293 (1897); 46, 528 (1898); 48, 547 
(1899). 


who had made a very minute study of the effect of a mag- 
netic field on the ordinary discharge which stretches from 
one terminal to the other, distinguished the discharge which 
produced the green phosphorescence from the ordinary dis- 
charge, by the difference in its behaviour when in a mag- 
netic field. Pliicker ascribed these phosphorescent patches 
to currents of electricity which went from the cathode to 
the walls of the tube, and then for some reason or other 
retraced their steps. 

The subject was next taken up by Pliicker’s pupil, 
Hittorf, who greatly extended our knowledge of the sub- 
ject, and to whom we owe the observation that a solid body 
placed between a pointed cathode and the walls of the tube 


® Thomson’s first Phil. Mag. paper, in which he showed 
that in a high vacuum the cathode rays could be deflected 
by an electric as well as by a magnetic field and thus that 
both v and e/m could be measured, is reprinted in W. F. 
Magie, A source book in physics (McGraw-Hill, 1933), 
pp. 583-597. 

7 Phil. Mag. 48, 565 (1899). 
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cast a well defined shadow. This observation was extended 
by Goldstein, who found that a well marked, though not 
very sharply defined shadow was cast by a small body 
placed near a cathode of considerable area; this was a very 
important observation, for it showed that the rays casting 
the shadow came in a definite direction from the cathode. 
If the cathode were replaced by a luminous disc of the same 
size, this disc would not cast a shadow of a small object 
placed near it, for though the object might intercept the 
rays which came out normally from the disc, yet enough 
light would be given out sideways from other parts of the 
disc to prevent the shadow being at all well marked. 
Goldstein seems to have been the first to advance the 
theory, which has attained a good deal of prevalence in 
Germany, that these cathode rays are transversal vibra- 
tions in the ether. 

The physicist, however, who did more than any one else 
to direct attention to these rays was Mr. Crookes, whose 
experiments, by their beauty and importance, attracted the 
attention of all physicists to this subject, and who not only 
greatly increased our knowledge of the properties of the 
rays, but by his application of them to radiant matter 
spectroscopy has rendered them most important agents in 
chemical research. 

Recently a great renewal of interest in these rays has 
taken place, owing to the remarkable properties possessed 
by an offspring of theirs, for the cathode rays are the 
parents of the Réntgen rays. 

I shall confine myself this evening to endeavouring to 
give an account of some of the more recent investigations 
which have been made on the cathode rays. In the first 
place, when these rays fall on a substance they produce 
changes physical or chemical in the nature of the substance. 
In some cases this change is marked by a change in the 
colour of the substance, as in the case of the chlorides of the 
alkaline metals. Goldstein found that these when exposed 
to the cathode rays changed colour, the change, according 
to E. Wiedemann and Ebert, being due to the formation of 
a subchloride. Elster and Geitel have recently shown that 
these substances become photoelectric, i.e. acquire the 
power of discharging negative electricity under the action 
of light, after exposure to the cathode rays. But though it 
is only in comparatively few cases that the change produced 
by the cathode rays shows itself in such a conspicuous way 
as by a change of colour, there is a much more widely spread 
phenomenon which shows the permanence of the effect 
produced by the impact of these rays. This is the phe- 
nomenon called by its discoverer, Prof. E. Wiedemann, 
thermoluminescence. Prof. Wiedemann finds that if bodies 
are exposed to the cathode rays for some time, when the 
bombardment stops the substance resumes to all appear- 
ance its original condition; when, however, we heat the 
substance, we find that a change has taken place, for the 
substance now, when heated, becomes luminous at a com- 
paratively low temperature, one far below that of incandes- 
cence; the substance retains this property for months after 
the exposure to the rays has ceased. The phenomenon of 
thermoluminescence is especially marked in bodies which 
are called by Van t’Hoff solid solutions; these are formed 
when two salts, one greatly in excess of the other, are 


simultaneously precipitated from a solution. Under these 
circumstances the connection between the salts seems of a 
more intimate character than that existing in a mechanical 
mixture. I have here a solid solution of CaSo, with trace of 
MnSo,, and you will see that after exposure to the cathode 
rays it becomes luminous when heated. Another proof of 
the alteration produced by these rays is the fact, discovered 
by Crookes, that after glass has been exposed for a long 
time to the impact of these rays, the intensity of its phos- 
phorescence is less than when the rays first began to fall 
upon it. This alteration lasts for a long time, certainly for 
months, and Mr. Crookes has shown that it is able to 
survive the heating up of the glass to allow of the remaking 
of the bulb. I will now leave the chemical effects produced 
by these rays, and pass on to consider their behaviour when 
in a magnetic field. 

First, let us consider for a moment the effect of magnetic 
force on the ordinary discharge between terminals at a 
pressure much higher than that at which the cathode rays 
begin to come off. I have here photographs (see Figs. 1 and 2) 
of the spark in a magnetic field. You see that when the 
discharge, which passes as a thin bright line between the 
terminals, is acted upon by the magnetic field, it is pulled 
aside as a stretched string would be if acted upon by a force 
at right angles to its length. The curve is quite continuous. 
and though there may be gaps in the luminosity of the dis 
charge, yet there are no breaks at such points in the curve, 
into which the discharge is bent by a magnet. Again, if the 
discharge, instead of taking place between points, passes 
between flat discs, the effect of the magnetic force is to 
move the sparks as a whole, the sparks keeping straight 
until their terminations reach the edges of the discs. The 
fine thread-like discharge is not much spread out by the 
action of the magnetic field. The appearance of the dis- 
charge indicates that when the discharge passes through 
the gas it manufactures out of the gas something stretching 
from terminal to terminal, which, unlike a gas, is capable of 
sustaining a tension. The amount of deflection produced, 
other circumstances being the same, depends on the nature 
of the gas; as the photographs (Figs. 3 and 4) show, the 
deflection is very small in the case of hydrogen, and very 
considerable in the case of carbonic acid; as a general rule 
it seems smaller in elementary than in compound gases. 

Let us contrast the behaviour of this kind of discharge 
under the action of a magnetic field with that of the cathode 
rays. I have here some photographs (Figs 5, 6 arid 7) taken 
of a narrow beam formed by sending the cathode rays 
through a tube in which there was a plug with a slit in it, 
the plug being used as an anode and connected with the 
earth, these rays traversing a uniform magnetic field. The 
narrow beam spreads out under the action of the magnetic 
force into a broad fan-shaped luminosity in the gas. The 
luminosity in this fan is not uniformly distributed, but is 
condensed along certain lines. The phosphorescence pro- 
duced when the rays reach the glass is also not uniformly 
distributed ; it is much spread out, showing that the beam 
consists of rays which are not all deflected to the same 
extent by the magnet. The luminous patch on the glass is 
crossed by bands along which the luminosity is very much 
greater than in the adjacent parts. These bright and dark 





EB. ©; 


Fic. 1. Fic. 2. 

bands are called by Birkeland, who first observed them, 
“the magnetic spectrum.” The brightest places on the glass 
are by no means always the terminations of the brightest 
streaks of luminosity in the gas; in fact, in some cases a very 
bright spot on the glass is not connected with the cathode 
by any appreciable luminosity, though there is plenty of 
luminosity in other parts of the gas. 

One very interesting point brought out by the photo- 
graphs is that in a given magnetic field, with a given mean 
potential difference between the terminals, the path of the 
rays is independent of the nature of the gas; photographs 
were taken of the discharge in hydrogen, air, carbonic acid, 
methyl iodide, i.e. in gases whose densities range from 1 to 
70, and yet not only were the paths of the most deflected 
rays the same in all cases, but even the details, such as the 
distribution of the bright and dark spaces, were the same; 
in fact, the photographs could hardly be distinguished from 
each other. It is to be noted that the pressures were not the 
same; the pressures were adjusted until the mean potential 
difference was the same. When the pressure of the gas is 
lowered, the potential difference between the terminals in- 
creases, and the deflection of the rays produced by a magnet 
diminishes, or at any rate the deflection of the rays where 
the phosphorescence is a maximum diminishes. If an air 
break is inserted in the circuit an effect of the same kind is 
produced. In all the photographs of the cathode rays one 
sees indications of rays which stretch far into the bulb, but 
which are not deflected at all by a magnet. Though they 
stretch for some two or three inches, yet in none of these 
photographs do they actually reach the glass. In some ex- 
periments, however, I placed inside the tube a screen, near 
to the slit through which the cathode rays came, and found 
that no appreciable phosphorescence was produced when 
the non-deflected rays struck the screen, while there was 
vivid phosphorescence at the places where the deflected 
rays struck the screen. These non-deflected rays do not 
seem to exhibit any of the characteristics of cathode rays, 
and it seems possible that they are merely jets of uncharged 
luminous gas shot out through the slit from the neigh- 
bourhood of the cathode by a kind of explosion when the 
discharge passes. 

The curves described by the cathode rays in a uniform 
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magnetic field are, very approximately at any rate, circular 
for a large part of their course; this is the path which would 
be described if the cathode rays marked the path of nega- 
tively electrified particles projected with great velocities 
from the neighbourhood of the negative electrode. Indeed, 
all the effects produced by a magnet on these rays, and 
some of these are complicated, as, for example, when the 
rays are curled up into spirals under the action of a mag- 
netic force, are in exact agreement with the consequences of 
this view. 

We can, moreover, show by direct experiment that a 
charge of negative electricity follows the course of the 
cathode rays. One way in which this has been done is by an 
experiment due to Perrin, the details of which are shown in 
the accompanying figure (Fig. 8.) In this experiment the 
rays are allowed to pass inside a metallic cylinder through 
a small hole, and the cylinder, when these rays enter it, gets 
a negative charge, while if the rays are deflected by a mag- 
net, so as to escape the hole, the cylinder remains without 
charge. It seems to me that to the experiment in this form 
it might be objected that, though the experiment shows 
that negatively electrified bodies are projected normally 
from the cathode, and are deflected by a magnet, it does not 
show that when the cathode rays are deflected by a magnet 
the path of the electrified particles coincides with the path 
of the cathode rays. The supporters of the theory that these 
rays are waves in the ether might say, and indeed have said, 
that while they did not deny that electrified particles might 
be shot off from the cathode, these particles were, in their 
opinion, merely accidental accompaniments of the rays, 
and were no more to do with the rays than the bullet has 
with the flash of a rifle. The following modification of 
Perrin’s experiment is not, however, open to this objection: 
Two co-axial cylinders (Fig. 9), with slits cut in them, the 
outer cylinder being connected with earth, the inner with 
the electrometer, are placed in the discharge tube, but in 
such a position that the cathode rays do not fall upon them 
unless deflected by a magnet; by means of a magnet, how- 
ever, we can deflect the cathode rays until they fall on the 
slit in the cylinder. If under these circumstances the 
cylinder gets a negative charge when the cathode rays fall 
on the slit, and remains uncharged unless they do so, we 
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may conclude, I think, the stream of negatively-electrified 
particles is an invariable accompaniment of the cathode 
rays. I will now try the experiment. You notice that when 
there is no magnetic force, though the rays do not fall on 
the cylinder, there is a slight deflection of the electrometer, 
showing that it has acquired a small negative charge. This 
is, I think, due to the plug getting negatively charged under 
the torrent of negatively electrified particles from the 
cathode, and getting out cathode rays on its own account 
which have not come through the slit. I will now deflect the 
rays by a magnet, and you will see that at first there is little 
or no change in the deflection of the electrometer, but that 
when the rays reach the cylinder there is at once a great 
increase in the deflection, showing that the rays are pouring 
a charge of negative electricity into the cylinder. The 
deflection of the electrometer reaches a certain value and 
then stops and remains constant, though the rays continue 
to pour into the cylinder. This is due to the fact that the gas 
traversed by the cathode rays becomes a conductor of 
electricity, and thus, though the inner cylinder is perfectly 
insulated when the rays are not passing, yet as soon as the 
rays pass through the bulb the air between the inner 
cylinder and the outer one, which is connected with the 
earth, becomes a conductor, and the electricity escapes 
from the inner cylinder to the earth. For this reason the 
charge within the inner cylinder does not go on continually 
increasing: the cylinder settles into a state of equilibrium 
in which the rate at which it gains negative electricity from 
the rays is equal to the rate at which it loses it by conduc- 
tion through the air. If we charge up the cylinder positively 
it rapidly loses its positive charge and acquires a negative 
one, while if we charge it up negatively it will leak if its 
initial negative potential is greater than its equilibrium 
value. 

I have lately made some experiments which are inter- 
esting from the bearing they have on the charges carried by 
the cathode rays, as well as on the production of cathode 
rays outside the tube. The experiments are of the following 


Fic. 5. Hydrogen (ammeter, 12; voltmeter, 1600). 


kind. In the tube (Fig. 10) A and B are terminals. C is a 
long side tube into which a closed metallic cylinder fits 
lightly. This cylinder is made entirely of metal except the 
end furthest from the terminals, which is stopped by an 
ebonite plug, perforated by a small hole so as to make the 
pressure inside the cylinder equal to that in the discharge 
tube. Inside the cylinder there is a metal disc supported by 
a metal rod which passes through the ebonite plug, and is 
connected with an electrometer, the wires making this con- 
nection being surrounded by tubes connected with the 
earth so as to screen off electrostatic induction. If the end of 
the cylinder is made of thin aluminium about 1/20th of a 
millimetre thick, and a discharge sent between the termi- 
nals, A being the cathode, then at pressures far higher than 
those at which the cathode rays come off, the disc inside the 
cylinder acquires a positive charge. And if it is charged up 
independently the charge leaks away, and it leaks more 
rapidly when the disc is charged negatively than when it is 
charged positively; there is, however, a leak in both cases, 
showing that conduction has taken place through the gas 
between the cylinder and the disc. As the pressure in the 
tube is diminished the positive charge on the disc dimin- 
ishes until it becomes unappreciable. The leak from the disc 
when it is charged still continues, and is now equally rapid, 
whether the original charge on the disc is positive or 
negative. When the pressure falls so low that cathode rays 
begin to fall on the end of the cylinder, then the disc 
acquires a negative charge, and the leak from the disc is 
more rapid when it is charged positively than when it is 
charged negatively. If the cathode rays are pulled off the 
end of the cylinder by a magnet, then the negative charge 
on the disc and the rate of leak from the disc when it is 
positively charged is very much diminished. A very inter- 
esting point is that these effects, due to the cathode rays, 
are observed behind comparatively thick walls. I have here 
a cylinder whose base is brass about 1 mm thick, and yet 
when this is exposed to the cathode rays the disc behind it 
gets a negative charge, and leaks if charged positively. The 
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effect is small compared with that in the cylinder with the 
thin aluminium base, but is quite appreciable. With the 
cylinder with the thick end I have never been able to ob- 
serve any effect at the higher pressures when no cathode 
rays were coming off. The effect with the cylinder with the 
thin end was observed when the discharge was produced by 
a large number of small storage cells, as well as when it was 
produced by an induction coil. 

It would seem from this experiment that the incidence of 
the cathode rays on a brass plate as much as 1 mm thick, 
and connected with the earth, can put a rarefied gas 
shielded by the plate into a condition in which it can con- 
duct electricity, and that a body placed behind this screen 
gets a negative charge, so that the side of the brass away 
from the cathode rays acts itself like a cathode though kept 
permanently to earth. In the case of the thick brass the 
effect seems much more likely to be due to a sudden change 
in the potential of the outer cylinder at the places where the 
rays strike, rather than to the penetration of any kinds of 
waves or rays. If the discharge in the tube was perfectly 
continuous the potential of the outer cylinder would be 
constant, and since it is connected to earth by a wire 
through which no considerable current flows, the potential 
must be approximately that of the earth. The discharge 
there cannot be continuous; the negative charge must come 
in gusts against the ends of the cylinder, coming so sud- 
denly that the electricity has no time to distribute itself 
over the cylinder so as to shield off the inside from the 
electrostatic action of the cathode rays; this force pene- 
trates the cylinder and produces a discharge of electricity 
from the far side of the brass. 

Another effect which I believe is due to the negative 
electrification carried by the rays is the following. In a very 
highly exhausted tube provided with a metal plug, I have 
sometimes observed, after the coil has been turned off, 
bright patches on the glass; these are deflected by a magnet, 
and seem to be caused by the plug getting such a large 
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negative charge that the negative electricity continues to 
stream from it after the coil is stopped. 

An objection sometimes urged against the view that these 
cathode rays consist of charged particles, is that they are 
not deflected by an electrostatic force. If, for example, we 
make, as Hertz did, the rays pass between plates connected 
with a battery, so that an electrostatic force acts between 
these plates, the cathode ray is able to traverse this space 
without being deflected one way or the other. We must 
remember, however, that the cathode rays, when they pass 
through a gas make it a conductor, so that the gas acting 
like a conductor screens off the electric force from the 
charged particle, and when the plates are immersed in the 
gas, and a definite potential difference established between 
the plates, the conductivity of the gas close to the cathode 
rays is probably enormously greater than the average con- 
ductivity of the gas between the plates, and the potential 
gradient on the cathode rays is therefore very small com- 
pared with the average potential gradient. We can, how- 
ever, produce electrostatic results if we put the conductors 
which are to deflect the rays in the dark space next the 
cathode. I have here a tube in which, inside the dark space 
next the cathode, two conductors are inserted; the cathode 
rays start from the cathode and have to pass between these 
conductors; if, now, I connect one of these conductors to 
earth there is a decided deflection of the cathode rays, while 
if I connect the other electrode to earth there is a deflection 
in the opposite direction. I ascribe this deflection to the gas 
in the dark space either not being a conductor at all, or if a 
conductor, a poor one compared to the gas in the main body 
of the tube. 

Goldstein has shown that if a tube is furnished-with two 
cathodes, when the rays from one cathode pass near the 
other they are repelled from it. This is just what would 
happen if the dark space round the electrode were an 
insulator, and so able to transmit electrostatic attractions 
or repulsions. To show that the gas in the dark space differs 
in its properties from the rest of the gas, I will try the 
following experiment. I have here two spherical bulbs con- 
nected together by a glass tube; one of these bulbs is small, 
the other large; they each contain a cathode, and the pres- 
sure of the gas is such that the dark space round the cathode 
in the small bulb completely fills the bulb, while that round 
the one in the larger bulb does not extend to the walls of 
the bulb. The two bulbs are wound with wire, which con- 
nects the outsides of two Leyden jars; the insides of these 
jars are connected with the terminals of a Wimshurst 
machine. When sparks pass between these terminals cur- 
rents pass through the wire which induce currents in the 
bulbs, and cause a ring discharge to pass through them. 
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Things are so arranged that the ring is faint in the larger 
bulb, bright in the smaller one. On making the wires in these 
bulbs cathodes, however, the discharge in the small bulb, 
which is filled by the dark space, is completely stopped, 
while that in the larger one becomes brighter. Thus the gas 
in the dark space is changed, and in the opposite way from 
that in the rest of the tube. It is remarkable that when the 
coil is stopped the ring discharge on both bulbs stops, and 
it is some time before it starts again. 

The deflection excited on each other by two cathodic 
streams would seem to have a great deal to do with the 
beautiful phosphorescent figures which Goldstein obtained 
by using cathodes of different shapes. I have here two bulbs 
containing cathodes shaped like a cross; they are curved, 
and of the same radius as the bulb, so that if the rays came 
off these cathodes normally the phosphorescent picture 
ought to be a cross of the same size as the cathode, instead 
of being of the same size. You see that in one of these bulbs 
the image of the cross consists of two large sectors at right 
angles to each other, bounded by bright lines, and in the 
other, which is at a lower pressure, the geometrical image 
of the cross, instead of being bright, is dark, while the 
luminosity occupies the space between the arms of the 
cross. 

So far I have only considered the behaviour of the 
cathode rays inside the bulb, but Lenard has been able to 
get these rays outside the tube. To this he let the rays fall 
on a window in the tube, made of thin aluminium about 
1/100th of a millimetre thick, and he found that from this 
window there proceeded in all directions rays which were 
deflected by a magnet, and which produced phosphorescence 
when they fell upon certain substances, notably upon tissue 
paper soaked in a solution of pentadekaparalolylketon. The 
very thin aluminium is difficult to get, and Mr. McClelland 
has found that if it is not necessary to maintain the vacuum 
for a long time, oiled silk answers admirably for a window. 
As the window is small the phosphorescent patch produced 
by it is not bright, so that I will show instead the other 
property of the cathode rays, that of carrying with them a 
negative charge. I will place this cylinder in front of the 
hole, connect it with the electrometer, turn on the rays, and 
you will see the cylinder gets a negative charge; indeed this 
charge is large enough to produce the well known negative 
figures when the rays fall on a piece of ebonite which is 
afterwards dusted with a mixture of red lead and sulphur. 

From the experiments with the closed cylinder we have 
seen that when the negative rays come up to a surface even 
as thick as a millimetre, the opposite side of that surface 
acts like a cathode, and gives off the cathodic rays; and 
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from this point of view we can understand the very 
interesting result of Lenard that the magnetic deflection of 
the rays outside the tube is independent of the density and 
chemical composition of the gas outside the tube, though it 
varies very much with the pressure of the gas inside the 
tube. The cathode rays could be started by an electric im- 
pulse which would depend entirely on what was going on 
inside the tube; since the impulse is the same the momen- 
tum acquired by the particles outside would be the same; 
and as the curvature of the path only depends on the 
momentum, the path of these particles outside the tube 
would only depend on the state of affairs inside the tube. 

The investigation by Lenard on the absorption of these 
rays shows that there is more in his experiment than is 
covered by this consideration. Lenard measured the dis- 
tance these rays would have to travel before the intensity 
of the rays fell to one-half their original value. The results 
are given in the following table: 


Coefficient of 
absorption 


Hydrogen (3 mm press.) 0.00149 
Hydrogen (760) 0.476 
Air (0.760 mm press.) 3.42 9.00123 2780 
SO2 8.51 0.00271 3110 
Collodion 3,310 : 3010 
Glass 7,810 A7 3160 
Aluminium 7,150 .70 2650 
Silver 32,200 Ie 


3070 
Gold 53,600 2880 


Absorption 
density 

0.000000368 4040 

0.0000484 5640 


Substance Density 


We see that though the densities and the coefficient of 
absorption vary enormously, yet the ratio of the two varies 
very little, and the results justify, I think, Lenard’s con- 
clusion that the distance through which these rays travel 
only depends on the density of the substance—that is, the 
mass of matter per unit volume, and not upon the nature of 
the matter. 

These numbers raise a question which I have not yet 
touched upon, and that is the size of the carriers of the 
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electric charge. Are they or are they not the dimensions of 
ordinary matter? 

We see from Lenard’s table that a cathode ray can travel 
through air at atmospheric pressure a distance of about half 
a centimetre before the brightness of the phosphorescence 
falls to about one-half of its original value. Now the mean 
free path of the molecule of air at this pressure is about 
10-5 cm, and if a molecule of air were projected it would 
lose half its momentum in a space comparable with the 
mean free path. Even if we suppose that it is not the same 
molecule that is carried, the effect of the obliquity of the 
collisions would reduce the momentum to one-half in a 
short multiple of that path. 

Thus, from Lenard’s experiments on the absorption of 
the rays outside the tube, it follows on the hypothesis that 
the cathode rays are charged particles moving with high 
velocities, that the size of the carriers must be small com- 
pared with the dimensions of ordinary atoms or molecules. 
The assumption of a state of matter more finely subdivided 
than the atom of an element is a somewhat startling one; 
but a hypothesis that would involve somewhat similar con- 
sequences—viz. that the so-called elements are conipounds 
of some primordial element—has been put forward from 
time to time by various chemists. Thus, Prout believed that 
the atoms of all the elements were built up of atoms of 
hydrogen, and Mr. Norman Lockyer has advanced weighty 
arguments, founded on spectroscopic consideration, in 
favour of the composite nature of the elements. 

Let us trace the consequence of supposing that the atoms 
of the elements are aggregations of very small particles, all 
similar to each other; we shall call such particles corpuscles, 
so that the atoms of the ordinary elements are made up of 
corpuscles and holes, the holes being predominant. Let us 
suppose that at the cathode some of the molecules of the 
gas get split up into these corpuscles, and that these, 
charged with negative electricity and moving at a high 
velocity, form the cathode rays. The distance these rays 
would travel before losing a given fraction of their mo- 
mentum would be proportional to the mean free path of the 
corpuscles. Now, the things these corpuscles strike against 
are other corpuscles, and not against the molecules as a 
whole; they are supposed to be able to thread their way 
between the interstices in the molecule. Thus the mean free 
path would be proportional to the number of these cor- 
puscles; and, therefore, since each corpuscle has the same 
mass to the mass of unit volume—that is, to the density of 
the substance, whatever be its chemical nature or physical 
state. Thus the mean free path, and therefore. the coefficient 
of absorption, would depend only on the density; this is 
precisely Lenard’s result. 

We see, too, on this hypothesis, why the magnetic deflec- 
tion is the same inside the tube whatever be the nature of 
the gas, for the carriers of the charge are the corpuscles, and 
these are the same whatever gas be used. All the carriers 
may not be reduced to their lowest dimensions; some may 
be aggregates of two or more corpuscles; these would be 
differently deflected from the single corpuscle, thus we 
should get the magnetic spectrum. 

I have endeavoured by the following method to get a 


E. C. WATSON 


measurement of the ratio of the mass of these corpuscles to 
the charge carried by them. A double cylinder with slits in 
it, such as that used in a former experiment, was placed in 
front of a cathode which was curved so as to focus to some 
extent the cathode rays on the slit; behind the slit, in the 
inner cylinder, a thermal junction was placed which 
covered the opening so that all the rays which entered the 
slit struck against the junction, the junction got heated, 
and knowing the thermal capacity of the junction, we could 
get the mechanical equivalent of the heat communicated to 
it. The deflection of the electrometer gave the charge which 
entered the cylinder. Thus, if there are N particles entering 
the cylinder each with a charge e, and Q is the charge inside 
the cylinder, 


Ne=Q. 
The kinetic energy of these 
4Nmv?=W 


where W is the mechanical equivalent of the heat given to 
the thermal junction. By measuring the curvature of the 
rays for a magnetic field, we get 


m 
—y= I, 
e 


n [2 


1 
Ss 

In an experiment made at a very low pressure, when the 
rays were kept on for about one second, the charge was 
sufficient to raise a capacity of 1.5 microfarads to a po- 
tential of 16 volts. Thus 


Q=2.4X10-*. 


The temperature of the thermo junction, whose thermal 
capacity was 0.005 was raised 3.3°C by the impact of the 
rays, thus 


e 


W=3.3X0.005 X 4.2 X 107 
=6.3X 105. 


The value of J was 280, thus 


= 1.6% 10-7. 
e 


This is very small compared with the value 10~ for the 
ratio of the mass of an atom of hydrogen to the charge 
carried by it. If the result stood by itself we might think 
that it was probable that e was greater than the atomic 
charge of atom rather than that m was less than the mass 
of a hydrogen atom. Taken, however, in conjunction with 
Lenard’s results for the absorption of the cathode rays, 
these numbers seem to favour the hypothesis that the 
carriers of the charges are smaller than the atoms of 
hydrogen. 

It is interesting to notice that the value of e/m, which we 
have found from the cathode rays, is of the same order as 
the value 10-7 deduced by Zeeman from his experiments on 
the effect of a magnetic field on the period of the sodium 
light. 
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A Method for a Precise Measurement of the Velocity of Sound 


F. V. Hunt anp A. E. BENFIELD 
Cruft Laboratory, Department of Engineering Sciences and Applied Physics, 
Harvard University, Cambridge 38, Massachusetts 


OR many years the graduate course in 

acoustics at the Cruft Laboratory has in- 
cluded, as a laboratory experiment, a precise 
measurement of the velocity of sound. An 
experimental method, utilizing the character- 
istics of the howling telephone, was devised 
several years ago, and has since been modified 
and improved by various past and present mem- 
bers of the instructing staff. Since the experiment 
in its present form combines several features 
that are of help and interest to students of 
acoustics and electronics, it seems worth while 
to describe it in some detail. While emphasis in 
this experiment is placed on the technique of 
measurement, the method seems well adapted 
for refinement so that it might be used for highly 
accurate determinations of the velocity of sound 
in gases. 


Theory of the Method 


The behavior and theory of the howling tele- 
phone have been investigated by others, includ- 
ing Kennelly,! Fletcher? and Le Corbeiller.* The 
principle involved is that of the positive feed- 
back oscillator in which an acoustical path is 
included in the feed-back loop. This acoustical 
path, which plays an important part in deter- 
mining the frequency at which the system 
“howls”, is usually responsible for the notorious 
frequency instability of the howling telephone. 
However, the instability is turned to advantage 
in this experiment by using the howling fre- 
quency as a very sensitive indicator of changes 
in the acoustical feed-back path. 

In order to measure the velocity of sound, the 
apparatus is made so that one boundary of the 
“howling chamber”’ (Fig. 1) comprising the feed- 
back path is the input end of a cylindrical tube, 


1A. E. Kennelly, Electrical vibration instruments (Mac- 
millan, 1923). 


*H. Fletcher, ‘‘Theory of howling telephone,” Bell. Sys. 
Tech. J. 5, 27 (1926). 
’ P. Le Corbeiller, ‘Sur un type d’oscillations entretenues 


par reaction,’’ Ann. Postes, Télegraphes et Téléphones 15(2), 
653 (1926). 


closed at its outer end by a movable piston. 
Fortunately, it is not necessary to take any 
detailed account of all the many factors that 
influence the howling frequency; it is only neces- 
sary to observe that the acoustic impedance 
presented to the howling chamber by a dissipa- 
tionless, closed tube is a periodic function of the 
distance in half-wavelengths to the closed end. 
A measurement, therefore, consists of finding 
successive positions of the piston for which the 
acoustic impedance returns to substantially the 
same value, thus producing the same acoustical 
environment in the howling chamber and hence 
the same howling frequency. The sound velocity 
can then be calculated simply from the frequency 
and the piston displacement. 

The absolute accuracy with which the acoustic 
impedance of the closed tube repeats for half- 
wavelength displacements of the piston is influ- 
enced by second-order effects of dissipation in 
the tube. The sound velocity itself is affected by 
the tube in a manner taken account of by the 
well-known ‘tube corrections’.‘ The real part 
of the acoustic impedance presented by the 
closed tube is small when the dissipation is low, 
and its effect on the measurement is small since 
it is primarily the reactance of the tube imped- 
ance that controls the howling frequency. 


Apparatus 


The apparatus used in the present experiment 
is shown in Fig. 1. The acoustical path consists 
of the howling chamber and the associated brass 
tube containing the piston, which is moved by 
means of a precise screw. The screw thread is 
71 cm long; it has a nominal pitch of 0.5 mm, 
and is rotated with a divided wheel on which 
distances corresponding to a displacement of 


4See, for example, G. A. Norton, ‘Velocity of high 
frequency sound in small tubes,’’ J. Acous. Soc. Am. 7, 
16 (1935); W. P. Mason, ‘‘Propagation characteristics of 
sound tubes and acoustic filters,’’ Physical Rev. 31, 283 
(1928); I. B. Crandall, Theory of vibrating systems and 
sound (Van Nostrand, 1926), pp. 229-241; also, Lord 
Rayleigh, Theory of sound (Macmillan, ed. 2, 1894), vol. 2, 
pp. 347-350. 
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EF 


FREQUENCY COMPARATOR 


Fic. 1. Schematic diagram of the apparatus. 


the piston of 0.0005 mm can be estimated. 
The precision of the experimental results is, of 
course, no greater than the precision of this 
thread. 

An Astatic CP-104 crystal microphone samples 
the acoustical energy in the howling chamber, 
and supplies a corresponding electric signal to the 
input of a four-stage amplifier, which uses 6K7 
tubes in a circuit providing automatic volume 
control (AVC). This keeps the magnitude of the 
output of this amplifier relatively constant for 
all positions of the piston. Without AVC the 
magnitude varies considerably, as explained in 
references 1 and 2. The output of the AVC 
amplifier is returned to the howling chamber 
through a conventional telephone receiver, which 
acts as the acoustical source. Sound energy from 
this source is picked up by the microphone, thus 
completing the feed-back loop. 

In order to make a precise measurement of 
the “howling” frequency, it is compared with a 
10-kc/sec signal taken from a precise crystal 
clock which, in turn, is calibrated against radio 
station WWV. The comparison is accomplished 
as follows.5 Voltage from the output of the 
amplifier is applied not only to the telephone 
receiver, but also to a frequency comparator. In 
the apparatus under discussion, this voltage has 


5 An account of the method is given by M. von Ardenne, 
Cathode ray tubes (Pitman, 1939), p. 86, and by O. S. Puckle, 
Time bases (Wiley, 1943), p. 70. 
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a frequency that lies in the range between 700 
and 1000 c/sec; it will be referred to as the low 
frequency signal. It is applied to two resistance- 
capacitance phase-shifting networks, yielding 
two low-frequency signals, mutually displaced 
90° in phase. These two signals are then applied 
to the deflecting plates of a 902A cathode-ray 
tube. Thus, when only the low frequency is 
introduced, a circular trace is observed on the 
screen of the tube. 

The accurate 10-kc/sec signal is introduced 
for frequency comparison by modulating the 
voltage of the power supply of the 902A tube, 
thus altering its deflection sensitivity at precisely 
a 10-kc/sec rate. This distorts the afore-men- 
tioned circular trace (produced when the low- 
frequency signal alone is applied) into a pattern 
which, when the low and high frequencies are 
integrally related, assumes the shape of a sta- 
tionary ‘‘gear wheel,”’ as shown in Fig. 1. The 
value of the low frequency is easily found by 
counting the number of “‘teeth’’ on the pattern, 
and may be very critically adjusted to the 
selected values by moving the piston in the 


TABLE I. Velocity of sound measured at several 
frequencies. 


Velocity 
(uncorrected) Temp. 
(cm/sec) (°C) 


34300 21.8 
34230 21.2 
34820 28.8 
34460 (?)* ; 


34320 
34270 
34830 
34430 


34360 
34300 
34880 
34470 


34410 
34370 
34960 
34550 


34420 
34370 
34550 


Velocity 
(corr. for temp.) 
(cm/sec) 


Frequency 
(c/sec) 


909.1 


Average 
(cm/sec) 


33010 
32980 
33130 
33030 (?)* 


33040 
33010 
33140 
33010 


33070 
33050 
33180 
33050 


33120 
33120 
33260 
33120 


33140 
33120 
33120 


(33260)** en 


(28.8) 


* A mistake in reading the turn counter on the screw is suspected; 
the observation was not repeated since conditions were changed before 
the discrepancy was noticed. " 

** This is an estimated value since the howling frequency “‘jumped 
just before this frequency could be reached at the higher temperature. 
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1 700 brass tube until the gear-wheel pattern does not the velocity of sound to be accurately known, 
> low rotate. this experiment can be considered to be a 
ance- Sample Results complicated way of measuring the mean temper- 
Iding ature of an air column!) 
laced Table I gives a set of representative results (3) An investigation of the effects of dissipa- 
plied obtained in this experiment. No claim is made tion should be made. If a small amount of 
e-ray for their absolute accuracy since, among other dissipation is present, the acoustic impedance 
cy is reasons, no provision is made in this apparatus does not, in general, quite repeat for a piston 
n the for controlling the composition or temperature displacement of exactly one half-wavelength; 
of the gas. The results are given simply as an_ correspondingly, in order to obtain the same 
duced example of the degree of internal consistency acoustic reactance, the piston has to be displaced 
¢ the that may be expected from the apparatus in its nearly, but not quite, one half-wavelength. We 
tube, present form. found, for instance, that for 16 out of 17 cases 
cisely A small apparent dependence on frequency when two successive half-wavelengths were meas- 
-men- (dispersion), which is not removed by applying ured with this apparatus, the setting with the 
» low- the Kirchoff-Helmholtz tube-correction formu- longer air column gave a half-wavelength aver- 
attern las,t is shown by these results. This is in the aging 0.4 mm smaller (about 0.2 percent at 
es are opposite sense from that known to exist and is these frequencies) than that with the shorter 
a sta- no doubt spurious. It should be further investi- column. This effect was observed before and 
. The gated. after reversing the orientation of the brass tube, 
nd by Se hin : so it is not caused bya nonuniform tube. It may 
ttern, Beeste provements be connected with the dissipation, and should be 
ee (1) The composition and the moisture content carefully investigated if the velocity of sound is 
tn the of the air in the apparatus should be controlled. to be measured by this method with high 
(2) The temperature of the air column is at absolute accuracy. In this connection the effects 
present crudely measured by a mercury-in-glass of the yielding of the brass tube may be of 
- thermometer inserted in a block of copper importance. The longer the air column the 
=== strapped to the brass tube. In order to have the greater the effect of yielding, and the greater 
wn air column at a uniform known temperature, a__ this effect the lower the velocity and (for a given 
(cm/sec) jacketed acoustic tube of the type used by frequency) the half-wavelength. This is in the 
Beranek® should be used. (Otherwise, assuming fight direction, at least, to explain the small 
_— “TL. 1. baie li il, ai Mas itciaiaainiaa discrepancies in the measured values of succes- 
acoustic impedance,” J. Acous. Soc. Am. 19, 420 (1947). sive half-wavelengths. 
33050 
Boners ; 
33087 
Q. When a vertical steel post in this part of the world is 
magnetized by the earth’s field, will the top be an N-pole 
or an S-pole? Ans. The top would be an S-pole because the 
33155 pole in the ground would be attracted to the magnetic north 
which is an S-pole, and it would have to be of opposite kind 
(N) or the post would be pushed out of the ground. 
(33160) 1 condenser =2 conductors/1 dielectric; that is, a condenser 
is two conductors divided by a dielectric. 
s suspected; Power =time-and-a-half; for power = work/time, and work 
inged before overtime is time-and-a-half. 
a [Contributed by F. E. Throw, Cornell College, Iowa) 





A Lecture Demonstration of Simple Transient Electrical Phenomena 


L. P. DELsAsso 
University of California at Los Angeles, Los Angeles 24, California 


URING the past several years the author 

has been interested in preparing lecture 
demonstrations for students in a sophomore 
course in Electricity and Magnetism. The 
demonstration here described has been found 
particularly useful as an introduction to simple 
transient phenomena and is presented in some 
detail in the hope that others may find it of 
value. In its simplest form it requires only a 
good oscilloscope, a high-Q coil and such other 
electrical parts as are readily available in any 
laboratory. 

It is usual to present this material by first 
discussing the charge and discharge of a con- 
denser through a resistance from a constant 
potential source. This is followed by a similar 
discussion for the rise and fall of current in a 
coil. Finally, the behavior under shock excitation 
of a circuit containing capacitance, inductance 
and resistance is taken up. This involves the 
solution of a simple differential equation ex- 
pressing the sum of the instantaneous potential 
differences across the three elements of the 
circuit, namely, 


where L is the inductance, R, the resistance, C 
the capacitance, g, the instantaneous charge on 
the condenser. The solution of this equation for 
the instantaneous charge is 


q=Ae™'!-+ Bem, 

R R* 17,3 
m=-—+(—-_), 

2L N40? LC 
R (— 1 \} 


where 


m,= ——— 


2L 


4? LC} 


Fic. 1. Circuit diagram of transient demonstrator. 


At this stage some time is spent in considering the vari- 
ous cases that arise from the relation of the constants. 
(a) The oscillatory case: R?/4L?<1/LC. The solution is 


q=Kye~(Ri2b)t sin| i, = yi+e]. 
LC 41? 
The ratio gn/gn41 of successive maximums in the same 
sense is the constant e®, where 6 is the logarithmic decre- 
ment: 


~~ 2. R 
nh oe Oo EE 
Qazi 2L/ 1 R?\! 2Lfr 


LC 41? 
(b) The critically damped case: R?/4L?=1/LC. Here the 
decay is just nonoscillatory; evidently it occurs when 
R=2V/(L/C). 


(c) The heavily damped case: R?/4L?>1/LC. The decay 
is of the form 


qg=K2(m2e™* —mye™2"*). 


We have found it both instructive and satis- 
fying to the student to confirm such conclusions 
by simple lecture demonstration with an RCL 
circuit. The equipment required is shown in 
Fig. 1. The source E may be either 90 v supplied 
by large B-batteries or a small power pack; Ri 
is a variable resistor of total resistance 10,000 
ohms; C; and C are a pair of good mica con- 
densers of about 1.0 wf capacitance; L is a 
toroidal inductor of low resistance and with an 
iron-dust core; T is a thyratron for controlling 
the discharge of C;. For the oscilloscope O, any 
good unit is satisfactory, but it should have at 
least a 5-in. screen. The complete equipment is 
shown in Fig. 2. 

The action of the circuit is as follows. Upon 
applying the potential difference E, the charge 
on condenser C, builds up exponentially until it 
reaches the discharge potential of the thyratron. 
At this point the charge on C; is shared with the 
condenser C in an extremely short time, resulting 
in extinction of the thyratron. The RCL circuit 
now dissipates the energy thus given to C in 
either an oscillatory or a nonoscillatory decay, 
depending on the relation of R, C and L. By 
adjusting R, and E, this entire operation can be 
made to repeat at a frequency above the flutter 
frequency for the eye (about 16 cy/sec) and 
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DEMONSTRATION OF TRANSIENT ELECTRICAL 


Fic. 2. Transient demonstrator arranged for 
lecture-room use. 


thus to present a stationary pattern on the 
oscilloscope screen. 

Figure 3 shows the oscillatory decay of the 
potential difference across condenser C for small 
total resistance R. A similar decay is shown 
with an expanded time scale in Fig. 4. 

The effective resistance of the circuit was 
measured by a bridge under resonant conditions 
and found to be 1.0 ohm; the inductance was 
similarly found to be 2.75 mh, and the capaci- 


tance, 1.1 uf. The computed frequency for these 
values is 


ist R* 
fr=—(—- 
2n\LC 4L? 


} 
) =f9(1—0.00005), 


where fo=(1/27)(LC)=2894 cy/sec is the 
undamped frequency. Using the measured con- 
stants, the logarithmic decrement was found 
with sufficient accuracy from the equation 
5=R/2Lfy to be 0.069. The agreement between 


~~ 


- _-—- 
LS2o ck dawnee 


Fic. 3. Oscillatory decay of the potential difference 
for a total resistance of 1 ohm. 
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Fic. 4. Oscillatory decay of the potential difference for 
a resistance of 1 ohm with expanded time line. 


the calculated and observed decay is shown by 
the small circles in Fig. 3. 

A second decay with an external resistance of 
5 ohms is shown in Fig. 5. In this case 6 was 
computed to be 0.376. 

Figure 6 was obtained with a resistance of 
71 ohms. This is somewhat lower than the 
calculated value of resistance for critical damping 
—namely, R=2,/(L/C) =100 ohms—and shows 
the gradual approach to this condition. By 
increasing the resistance continuously the value 
at which oscillation just ceases can be deter- 
mined. 

Figure 7 is for a heavily overdamped case 
where R=500 ohms. The circles are calculated 
points. 


Fic. 5. Oscillatory decay of the potential difference for a 
resistance of 5_ohms. 





MILDRED 


Fic. 6. Decay near critical damping with resistance 
of 71 ohms. 


Other checks are easily made. By connecting 
the oscilloscope leads across R, the current in 
the oscillatory circuit may be observed. The 
charging of a condenser through a resistance 
is shown by connecting across C;. 

The author has found this demonstration 
particularly helpful to students who are begin- 


Fic. 7. Heavily overdamped decay with resistance 
of 500 ohms. 


ning to apply simple differential equations. For 
others it provides a fair quantitative check on 
formulas they are required to accept partially 
on faith, and demonstrates graphically the 
transition from one transient condition to 
another. 


The Stability of Centripetal Force Apparatus 


MILDRED ALLEN 
Mount Holyoke College, South Hadley, Massachusetts 


N the centripetal force experiment, as it is set 
up in the elementary laboratory, the force 

needed to hold the mass m in circular motion 
with constant angular speed m (rev/sec) is com- 
puted from the expression 42°n’mr and is also 
measured directly. The force may be furnished 
by a weight that moves up and down a vertical 
support as the revolving mass (or masses) moves 
out or in along the radius of a horizontal circle. 
Or the force may be furnished by a spring which, 
if vertical, does not itself rotate, or if horizontal, 
rotates in the plane of revolution of the mass, 
either about one end or about a point that is 
some fraction of the length of the stretched 
spring from the fixed end. The question is as to 
the stability of these various methods. 

It is well recognized’? that when the cen- 
tripetal force is furnished by a hanging weight, 
the system is unstable, in the sense that a small 
variation in the angular speed causes the system 
to vary ever further from its initial state. 


To show this, let us assume that the angular speed has 
been adjusted so that the mass m moves in a circle of 


1 Klopsteg, Sch. Sci. Math. 26, 423 (1926). 
? Klopsteg, J. Opt. Soc. Am. 13, 107 (1926). 


radius r and that the force necessary to maintain this 
motion is given by the pull Mg of the hanging weight. As 
long as the angular speed is kept exactly at m (rev/sec), 
the mass will continue to move in the circle of radius r. 
Hence, the initial condition, neglecting friction, is 

Fy = Po, (1 ) 
where Fo=422n?mr and Po= Mg. An accidental increase 
in the angular speed (which it is almost impossible for 
an operator to avoid) would require a larger force Fi to 
hold m in a circle of the same radius r. The force available 
is still Mfg and consequently is insufficient to supply the 
needed pull. Hence, the mass m moves out to a circle of 
larger radius where, even for the same angular speed, 
more force is needed, so that the discrepancy between the 
needed force and the force supplied becomes greater and 
m continues to move out. If the angular speed is decreased, 
the mass will, of course, move in rather than out. To 
hold the mass in a given circle, an accidental increase in 
the angular speed must be followed by a planned decrease 
in this speed and then a sudden change to the optimum 
speed as the mass passes through the desired position of 
“equilibrium”. The friction present will tend to produce 
a discrepancy between the observed force P and the 
computed value F. 


If the force is furnished by a spring, whether 
vertical or horizontal, an increase in the radius 
of revolution will stretch the spring further and 
will thus increase the force exerted by it. There 
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STABILITY OF CENTRIFETAL FORCE APPARATUS 


must be conditions under which the increased 
pull will be sufficient to furnish the additional 
force necessary with the increased angular speed 
and the increased radius. 


To determine these conditions let us again assume that 
initially Eq. (1) applies, where now Pp is the initial value 
of the force supplied by the stretched spring, which for 
simplicity is taken vertical (as in Fig. 1) so that it does 
not itself rotate. In general P=kx, where x is the total 
elongation of the spring. At any subsequent instant, F 
and P are both dependent upon the angular speed 7. 
Therefore, if the two forces are again to be equal when 2 
has been increased by dn, the following relation must hold: 

dF 


dP 
Fo+ de = Pots dn. (2) 


This requires, in view of the initial condition, that 
dF/dn=dP/dn. (3) 


Carrying out this differentiation leads to the differential 
equation 


4n?n?mdr/dn+82x2nmr =kdr/dn, (4) 


since from geometric considerations it is obvious that an 
increase in the radius dr must produce an equal increase 
in elongation of the spring dx. This equation may be 
written 
(k’ —n?)dr/dn=2nr, (5) 
where 
k'=k/42?m. 


There will be an increase in 7 with an increase in 7, leading 
to a new steady state, if 


k’ —n?>0. (7) 


Experimentally, of course, an increase in r is observed 
when 7 is increased. When condition (7) does hold, the 
apparatus is ‘stable’ in the sense that a slight change in 
the angular speed leads to a new fixed radius of revolution, 
so that, although a change does take place, it is a finite 
change to a new configuration where the values of the 
forces needed and supplied are again equal. Physically 
this is a condition determining the minimum stiffness of 
the spring that will permit new equilibrium positions. 
Changing the mass, but keeping the same spring and the 
same radius of revolution, will change the angular speed 
required, but does not change the order of the factor 
(k'—n?). For, if we put 


k' —n?=(k/40?m)—n?=A (8) 


and substitute for ? its value F/4xmr, then, since F, k 
and fr are constant, mA must be unchanged. Hence, if m 
is halved, k’ —n? is only doubled. 

To determine the relation between m and r for these 
equilibrium positions, Eq. (5) must be integrated. The 
result is 

r(k’ —n*)=const. (9) 


The vertical arrangement of the spring was 
brought to the author's attention by Dr. E. R. 


Fic. 1. Apparatus in which the centripetal force on the 
revolving mass m is furnished by a vertical spring balance 
T; B is the driving belt. 


Laird, with whom it probably was not original. A 
quantitative discussion of a particular case which 
has occurred in our laboratory using this type 
of set-up is of interest. A force of 1800 gwt is 
recorded by the spring balance when a total 
mass of 40 g is moving in a circle of 10 cm 
radius. This gives for » a value of about 10 
rev/sec. The spring balance elongates about 3 
cm for a force of 1000 gwt. The stiffness factor 
k is then 1000 X980/3 dy/cm, or about 333,000 
dy/cm, so that k’ is about 200 sec~. It is thus 
evident that for this particular case k’—n? is 
decidedly positive, so that any change which 
takes place is a finite one to a nearby stable con- 
figuration. Figure 2 shows the resulting relation 
between x and r. It is obvious that in this case 
the fractional change in radius is a little more 
than twice that in the.angular speed. If it were 
not for the damping effect of the inevitable 
friction, the mass m might perform oscillations 
about this new equilibrium position, but in 
practice this is not likely to happen. 

If the spring is horizontal, as in the case of the 
Cenco apparatus developed by Klopsteg,'? the 
problem is complicated by the fact that the 
spring itself has mass and so some force must be 
supplied to hold its parts in circular paths. If the 
total mass S of the spring is small compared with 
the mass m, the linear density of the spring may 
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be considered to be constant. This is necessarily 
only an approximation, though a legitimate one, 
since, owing to the mass of the spring, the force 
exerted by the spring will be different for dif- 
ferent distances from the axis of rotation, thus 
causing the individual sections of the spring to 
elongate by different amounts which will result 
in varying linear densities of the spring. 

The simplest case to consider is that in which the spring 
rotates about the end to which the mass m is not attached. 
Its moment of inertia J is then 

I= }4Sr, (10) 


where the length of the spring is approximately the radius 
of the circle in which m moves. To find the equation of 
the radial motion, it will be convenient to take r and @ as 
the independent variables and to write the Lagrange 


equation for r, 
d (**) oT _ oV 
dt\ar/ ar ar’ 


where T is the kinetic energy, V the potential energy and 
i the time derivative of r. The kinetic energy is the sum 
of the translational and rotational energies and may be 
written 


(11) 


T = 4mi?+4(m+ 4S)r°®, (12) 


where 6=2xn. The potential energy of the spring, in 
terms of its total elongation x, is well known to be 


= $kx?. 


Equation (11) then gives the relation 


(13) 


d2 
na (m+4S)4x2n'r+kx =0, (14) 


where dr=dx as before. For equilibrium, d?r/dé? must be 
zero. If the total force is to continue to vanish when 7 is 
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Fic. 2. Radius of revolution r versus angular speed n, 


for the apparatus of Fig. 1. The plotted. point indicates the 
usual initial conditions. 
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Fic. 3. Radius of revolution r versus angular speed 1, 
for the Cenco apparatus. The plotted point indicates the 
usual initial conditions. 


varied, then the derivative of this equation with respect 
to m must also vanish. Integration of the equation resulting 
from this differentiation gives the final relation, 


k A - 
a ) = const. (15) 
This equation is essentially Eq. (9) with a correction 
factor 3S added to the mass of the revolving body. 

If the spring is rotated about a point one half of the 
length of the spring from the fixed end, which is approxi- 
mately the case with the Cenco apparatus, its moment of 
inertia can easily be shown to be SL?/12. Since the length 
L of the stretched spring is in this case twice the radius 
of revolution of the mass m, the moment of inertia of the 
spring in terms of this radius is again }Sr?. Thus the 
correction factor to be applied to the revolving mass m is 
3S, in agreement with Klopsteg’s result,2 which was 
obtained by using quite different reasoning. 

In the Cenco apparatus, if account could be taken of the 
varying density of the spring due to unequal elongations 
when rotating, and of the exact, rather than of the approxi- 
mate, length of the rotating spring, the moment of inertia 
of the spring would be slightly different from that computed 
above, and the correction term would accordingly be 
modified a little. This second-order difference would not 
affect the stability considerations discussed here and would 
in all probability be less than the usual experimental errors 
involved in determining m and r. The fundamental differ- 
ence between Klopsteg’s theoretical treatment of the 
problem and that given here lies in the fact that, although 
he postulates a change in the radius of revolution, he does 
not indicate what causes this change. This variation in 
radius must arise from variations in angular speed, 
however slight these may be. 
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It may be of interest to discuss the exper’ 
mental magnitudes encountered in using the 
Cenco apparatus. The mass of the revolving body 
is 152.3 g and that of the spring 17.3 g, giving 
an effective mass for the two of 158 g. It 
requires 2 kgwt to stretch the spring 3.7 cm, so 
that the stiffness constant k is 530,000 dy/cm. 
The constant k’ is consequently 84.5 sec~*. Since 
the mass m moves in a circle of radius 5.7 cm, 
and since it requires 3020 gwt to bring the 
mass to the same point when stationary, n? is 
computed to be 83.2 sec~*. Hence k’—n?® is 
positive, but only slightly so. Figure 3 shows the 
relation between the angular speed m and the 
radius 7 as given by Eq. (15). It will be seen that 
a 1-percent change in the angular speed causes a 
change of at least 60 percent in the radius. 
Klopsteg purposely planned the apparatus so 
that the angular speed required to keep the 
body moving in a circle of given radius is very 
critical; Fig. 3 shows that he was successful in 
doing so. 

In any case, whenever the force applied to hold 
a body in circular motion is furnished by a suf- 
ficiently stiff spring, the motion is stable and the 
mass will not move outward indefinitely as a 
result of a slight increase in the angular speed. 
Consequently, a set-up for the study of such 
motion in which the force pulling the body 
inwards is supplied by a spring, whether vertical 
or horizontal, is preferable to an arrangement in 
which this force is furnished by a hanging weight. 
Worthy reasons may be given for preferring one 
or the other of the possible arrangements of the 
spring. It is possible with the horizontal arrange- 


ment and the critical adjustment of the stiffness 
. the spring to get a closer check between the 
computed and observed values of the centripetal 
force, since in this form the friction is reduced to 
a minimum. The apparatus has the added ad- 
vantage of being very compact. The author 
prefers the vertical arrangement in a course 
where no calculus is used, since there is then no 
need for applying a correction for the mass of the 
spring, which is difficult to explain rigorously to 
a beginner. One also wonders whether it is ad- 
visable to have the adjustment as critical as it 
is in the Cenco apparatus. With a motor-driven 
apparatus, the voltage may by good luck remain 
sufficiently constant so that with clever manipu- 
lation the critical speed can be maintained within 
the very narrow limits required. If k’ —n? is made 
comparatively large, the variations in the radius 
of revolution which arise from the unavoidable 
variations in the angular speed can be made of 
the same order of magnitude as the uncertainties 
in measuring this radius. The swivel is not hard 
to manage; the only observed effect of friction 
there, and one which rarely occurs, is to prevent 
its rotation so that the string attached to the 
revolving mass becomes twisted and the experi- 
ment has to be started over again. Friction 
between the mass m and its guides and in the 
pulley may play a somewhat larger part than in 
the horizontal form. However, for the beginning 


-student this slightly larger experimental error is 


probably more than compensated for by the 
simplicity of the theory and by the comparative 
ease of manipulation. 


We tend to do the things that we know how to do, instead of trying to do the things that we ought 
to do. Unhappily the things most worth doing are the things it is most difficult to do. It is less difficult 
to manufacture goods and improve their quality than it is to distribute them justly. It is easier to 
manufacture an improved type of electric refrigerator than to raise the general standard of living 
or achieve economic democracy. And so we tend to devote our energies to the manufacture of electric 
refrigerators, and to the enjoyment of them and their contents.—R. B. PERRY, Science and man. 





A New Solution of an Old Problem 


W. W. SLEATOR 
University of Michigan, Ann Arbor, Michigan 


NDER the heading ‘“Two more catch ques- 
tions’ the following problem appeared in 
this journal some 12 years ago. 

Uniform and flexible rope of mass 2 lb/ft is drawn 
from a stationary coil by a man who walks at the rate 
of 5 ft/sec directly away from the coil over a smooth 
and level floor. He thus drags after him an increasing 
length of rope. What horizontal force must the man 
exert on account of the inertia of the rope? If one takes 
force as the time-rate of change of momentum he gets a 
certain answer, but if he sets the work done equal to the 
kinetic energy of the rope an answer half as large is 
obtained. Which (if either) is correct? Account quanti- 
tatively for the difference. 


Simple arithmetic gives F=50 pdl as the time- 
rate of change of momentum, and F=25 pd if 
Fs=}mv". The correct answer is 50 pdl. Any 
small particle of the rope is set into motion 
suddenly, and, since that particle moves after the 
impact with the constant velocity of the already 
moving mass of rope, the impact is inelastic. In 
such an impact some mechanical energy is lost as 
heat, and if, as in this case, the mass of the 
particle picked up is very small compared to the 
mass already in motion, the energy so lost is 
equal to the resulting kinetic energy of the par- 
ticle? Hence the kinetic energy of the moving 
mass of rope represents only half of the necessary 
work done. Hence 25 pdl is only half the neces- 
sary force. If one notes that whereas all the 
moving rope has the constant velocity 5 ft/sec, 
the center of mass of the moving part has the 
velocity 2.5 ft/sec, and if one uses this velocity 
in calculating kinetic energy, he is even further 
off, obtaining F=6.25 pdl. 

In deriving the equation V=1/(E/p) for the 
velocity of sound, Sears and Zemansky* and 
Millman and Zemansky* make an assumption 
that may be proved by elementary means, and 

1W. W. Sleator, Am. J. Physics (Am. Physics T.) 3, 
138 (1935). 

2 For proof of this proposition, see, for example, H. S. 
Carhart, Physics for university students (Allyn & Bacon, 
1906), rev. ed., Part 1, pp. 102-104, or Millikan, Roller 
and Watson, Mechanics, molecular physics, heat and sound 
(Ginn, 1937), pp. 95-96. 

3F. W. Sears and M. W. Zemansky, College physics: 
mechanics, heat and sound (Addison-Wesley, 1947), p. 338. 


4S. Millman and M. W. Zemansky, “Wave velocities in 
elementary physics,” Am. J. Physics 13, 250 (1945). 


that affords a correct solution of the rope problem 
quite different from the solution indicated. 

In the case of longitudinal waves in a solid 
these authors choose arbitrarily a length Z of the 
uniform column of material. They then suppose 
that a piston at the end of the column advances 
against the column, and assume that the center 
of mass of all the material within Z advances 
with constant acceleration. They consider this 
process in operation for a very brief interval, and 
say nothing about the kind of motion given to the 
piston; but since the center of mass of the column 
L advances half as far in time At as the piston 
advances, a fact that they express by writing 
As=}3Ax, they might as well have given the 
piston a constant velocity, so that it should 
gather before it a body of air of increased but uni- 
form density, all the moving air having the 
velocity of the piston. They proceed to calculate 
the force at the time when all the material within 
L has acquired the velocity of the piston. It is 
easy to prove in this situation that the center of 
mass of the air originally within the length LZ (not 
the center of mass of the moving air only) has a 
constant acceleration, and to calculate precisely 
the acceleration, obtaining exactly the value that 
these authors get from their assumption. 

In Fig. 1 the piston P has been in uniform 
motion with velocity u since it started with its 
front face at O at the time t=0. The surface S 
moves with velocity U and separates the motion- 
less air in front of S from the air of increased 
density moving with velocity u in its rear. Let x¢ 
be the coordinate of C, the center of mass of the 
air between the piston and the fixed surface at L. 
This is the same air that originally occupied the 
length L. Let p be the normal density of the air, 
and let A be the cross-sectional area of the 
column. Then obviously, 


=(mx) 


3(L— Ut)Ap(L+ Ut) +3 UtA p( Ut+ut) 


LAp 
=4L+3Uut’/L. 
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NEW 
We now take derivatives and have 


dx¢/dt= Ve= Uut/L 
and 


d*x¢/d?=Ac=Uu/L. 

But if one is unwilling to differentiate he may 
simply note that the expression for x¢ contains 
a term in ? but no higher powers of t, and hence, 
by comparison with the expression x=x9+3a?, 
that Uu/L must be the acceleration of C. At the 
time when Ut=L, the derivatives give Vc=u 
and Ac=u/t, as they should. It appears that the 
acceleration of C is constant but depends upon 
the arbitrarily chosen length L. If ZL were taken 
indefinitely small, Ac would be infinite. This 
means simply that a very small mass of air is 
taken on by the moving column with correspond- 
ingly large acceleration. 

However, the satisfying conclusion is that, 
whatever L may be, the mass of material origi- 
nally within L, the center of mass of which we are 
following, is \J, and 1J=LAp. Therefore, mass 
X acceleration of center of mass = (LA p) X (Uu/L) 
=ApUu. But this expression is the same as that 
for the time-rate of change of momentum of the 
uniform lengthening column moving ahead of the 
piston with constant velocity u. In general terms, 
under conditions shown in Fig. 1, fixed mass 
Xacceleration of center of mass=time-rate of 
change of momentum of increasing mass moving 
with constant velocity. 

The application of this idea to the rope problem 
is obviously as follows. Choose a fixed length L 
of rope, which may be the whole rope or anything 
less. Let the mass per unit length be m, let the 
man walk with velocity u, and ignore the change 
in m caused by tension. Then if x¢, as before, is 
the coordinate of the center of mass of the length 
L, at any time ¢ after the process begins, but 
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before all of the length Z is moving, 
xe= me? /2Lm =v /2L, 


all the unmoved rope being at the origin. There- 
fore, as before, either by comparison or by 
differentiation, Ac=u?/L. But the mass of the 
length LZ is Lm. Therefore, mass Xacceleration of 
center of mass=«?m. For the particular values in 
the original problem this gives F=5?X2=50 pdl, 
the correct answer. Here also, accordingly, if we 
choose a fixed mass we can use product of mass 
and acceleration of center of mass as well as time- 
rate of change of momentum. But we cannot get 
the force by using the variable moving mass and 
the constant velocity of its center of mass. 

The physical reason for the constancy of the 
acceleration of the centroid of a fixed length of 
the rope, even though all the moving parts of the 
rope have the same constant velocity, is that the 
more there is of the moving rope the more in- 
fluence its motion has on the centroid of the 
fixed length. Such considerations show that the 
centroid of the fixed length must undergo ac- 
celeration, though it is not obvious without calcu- 
lation that this acceleration is constant. To make 
this calculation is an excellent exercise for stu- 
dents of general physics. Some will enjoy getting 
a cHeck on the value of F by what seems like a 
very different method. It is plain that the solu- 
tion of the problem by use of the fixed length is an 
application of the fundamental principle that the 
centroid of a body moves as if it contained all the 
mass of the body, and all the acting forces were 
applied, with their original magnitudes and 
directions, at the centroid. 





Nowadays it is a truism that advances in physical science depend upon advances in the instru- 


ments which scientists employ.—KarL Darrow. 





Conversion of Electromagnetic Equations 


A. H. SPEES 
University of Connecticut, Storrs, Connecticut 


HIS paper is concerned with the matter of 

converting the equations of electromag- 
netic theory from one system of units to another 
(see Fig. 1). The systems to be considered are the 
six common ones: the electrostatic (es), the elec- 
tromagnetic (em), the Gaussian (ga), the 
Heaviside-Lorentz (hl)—all based on the cgs 
system of mechanical units; and the practical 
(pr) system with its modification (rp) obtained 
by shifting a factor 47 in the Coulomb law, both 
based on the mks system of mechanical units. 
By way of further classification we refer to the 
es, em, ga and pr systems as 4z systems, and to 
the hl and rp systems as 4x-pm (that is, per- 
muted) systems. It should be noted that this 
article is based on the “‘numeric”’ point of view 
regarding the meaning of symbols; namely, that 
symbols in the equations stand for numerical 
measures of physical quantities. 

In regard to a means of finding the form of an 
equation in one system when it is given in 
another system, the first point to be treated is a 
rule for shifting the factor 4m in the change from 
a 4m system to a 4n-pm system, or vice versa. 
The procedure for doing this is based on the 
practice of retaining symbols for the permittivity 
€9 and the permeability wo of free space, even 
when they are taken to be unity. It is known 
that this leads for the electromagnetic equations 
to forms that are identical in the es, em and pr 
systems, and further, that the factor 47 has the 
same location in the ga system as in these three. 
The 47 rule we obtain is: To shift the factor 4r 
in changing from a 4m to a 42-pm system, divide 


ga 4r¢ rule hi 


es,em 
pr 


4r rule ov 


Fic. 1. Diagram showing order of application of rules for 
converting the forms of electromagnetic equations from 
one system of_units to_another. 


by 47 the following quantities: force f, energy W, 
charge q, current 7, polarization P, conductivity 
o, electric susceptibility x,., magnetic pole 
strength m, intensity of magnetization J, mag- 
netic susceptibility x,,. Inversely, to change from 
a 4r-pm to a 4m system one must multiply each 
of these quantities by 47. 

The rule may be shortened by utilizing such 
ideas as, energy depends upon force, current is 
charge per unit time, and so forth, and by re- 
membering that, except for conductivity, the 
electric and magnetic quantities are analogous. 
Thus, the abbreviated form of the rule reads: 
To shift the factor 4m in changing from a 4m to a 
4n-pm system, divide the following by 4x: force f, 
charge q or m, polarization P or I, susceptibility 
Xe OF Xm, and conductivity o. To proceed inversely 
multiply each quantity by 4x. Illustrations in 
applying the rule will be given after another rule 
has been formulated. 

The ga and hl systems form a separate class 
from the other systems of units under considera- 
tion, in that a factor c=3X10" makes its ap- 
pearance. One must therefore formulate a rule 
that will properly place c in the common form 
of the es, em or pr system so as to give the ga or 
hl form of the equations. The rule is: In changing 
from the es, em or pr form of the electromagnetic 
equations to the ga and hi forms, multiply the time 


‘by cL =3X10"] in all time rates, including current 


and velocity; also multiply resistance by c, and 
inductance by c?. To proceed inversely, divide by 
c or c*. It is, of course, to be understood that the 
rule applies to electromagnetic equations only, 
and not to those of pure mechanics 

The complete procedure for changing the form 
of equations in converting from one system of 
units to another may now be summarized as 
follows: The ga form is obtained from the 
comnion form of the es, em or pr system by 
applying the c-factor rule. The hl form is ob- 
tained by applying both the ¢ rule and the 47 
rule, whereas the rp form is obtained by applying 
only the; 4 rule. It is also evident that the hl 
form may be obtained from the ga form by 
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TABLE I. Illustrations of the method for converting the form of electromagnetic equations. 
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TABLE II. Basic conversion relations. 
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applying the 47 rule, and that the rp form may 
be derived by the inverse c rule, that is, by 
dropping the c from the hl form. These pro- 
cedures may be shown graphically as in Fig. 1. 

To illustrate the application of the method we 
may consider the randomly chosen examples of 
Table I. These generally show how the direct 


rules operate; the last example illustrates the 
inverse rules. 


In the examples, a word of explanation is required in 
regard to the handling of two of the quantities, namely 
capacitance C and inductance L. In applying the 47 rule 
to equations involving these quantities all that is required 
is to recall that wL[=2zavL] and 1/wC may be treated as 
reciprocal conductance; that is, in effect, LZ must be 
multiplied by 47, and C must be divided by 4x. In the 
case of the c rule the special procedure of multiplying L 
by ¢? arises from the attempt to retain the form of the 
equation 6=—Ldi/dt in all systems. One may equally 
well require that L should be defined so that in the ga 
and hl systems the equation has the form! & = — (L/c)di/dt. 
In applying the c rule, this requires treating wL like a 
resistance; in effect, L is to be multiplied by c. Thus the 
full change from the es to the hl form would be carried out 


as follows: 
_ xc d fe - 
we d(ct)\4xc] 


Up to this point we have been concerned only 
with the means of converting the form of equa- 
tions when changing systems of units. Since the 
two rules in this regard do not indicate the 
manner in which the individual quantities are 
converted, we now suggest a method for finding 


Ld 


$=-L—= a 
c dt 


dt 


1 Livens, The theory of electricity (Univ. Press, Cambridge, 
ed. 2), pp. 199, 290. 
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this too. The method depends upon the use of 
the 4m and c rules and a scheme relating relatively 
few quantities, as given in Table II. In this table 
the symbols represent the numerical measures of 
the quantities determined in various systems, 
the subscripts identifying the system. By means 
of the table the conversion of one of the terms in 
an equation may be accomplished. Then the 
conversion of any other terms follows from an 
attempt to write the converted equation in the 
form prescribed by the rules. 

To illustrate the method we consider the con- 
version to the ga system of the equation 


1 dD, 


at’ 


jn 
curlH, =—-+ 
é «€ 


(1) 


which holds in the hl system. In converting to 
the ga system the inverse 47 rule must be 
applied, giving the form 


4rj, 1 0D, 
= 


curlH, = ’ 
c c Ot 


which must govern the conversion of individual 
terms. Since the current density j is dg/dé per 


unit area, we take from Table II as the basis of 
conversion, 


gn = (4rr€0n/€00)*Qo- 
Substituting in Eq. (1), we obtain 
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To yield the ga form the first term of the right- 
hand member of Eq. (2) must become 4zj,/c, 

















TABLE III. Supplement to Table II. 


, and therefore this equation becomes a. > mks Patten 
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which are the usual conversion formulas for these (4m)4 
HI, relations. D,= 3x 33108 * 
As a further illustration we consider the 
os slightly more involved case of converting from Since the mks system of mechanical units has 
the hl to the pr system. An application of the gained further official standing by the fact that 
e of inverse 43 and inverse c rules yields the form the practical (pr) system of electromagnetic 
vely units has become the official system of the Inter- 
able curlmksH, =47jp+dD,/dt. national Committee of Weights and Measures,’ 
ae Using the relations for charge and distance from . might prove worth while to base the Heaviside- 
sities Table II, we get for the conversion of j, orentz and the Gaussian forms of equations on 
a the mks system. This may be accomplished quite 
a , in Aren\}? ip i readily by the proper choices of €9 and yo and 
the os -|10°( )| — changing the factor c in the equations to cy. As 
aiisa a ™ wa indicated in Table III, the forms of the con- 
the Substituting in the hl form, we obtain version relations are similar to those for the pr 
‘ D and rp systems. 
— curles¥I,= 6 4n)3j — os An examination of a monograph by W. R. 
- C . . = Varner? initiated the contents of this paper. 
(1) Comperionn beens the pr form of the equation We a. ae systems of units (O.S.C. 
gives the conversion formulas for H and D, Cooperative Association, Corvallis, Oregon, 1943). 
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A distinguished philosopher stated a few years ago that ‘‘by and large the economic changes of 

recent centuries have been parasitic upon the advances made in natural science."’ I humbly suggest 

idual that he chose the wrong biological metaphor. If we view the history of science in relation to the 
it per history of society, we are led to characterize the relation of industry to pure science by the word 
ate al “symbiosis,” which means “‘living together,” not by the word “parasitism,” which implies a host 
and a devouring parasite. The common lichens on rocks afford an example of symbiosis. A colorless 

plant akin to a fungus lives with a minute green unicellular organism, an alga. The green plant 

manufactures the food for both by photosynthesis from the air; the colorless plant lives on this ulti- 

mate source of energy, but thanks to its tough tissue, protects and stabilizes the manufacturing unit. 

Without both we do not have a lichen. Which is more important, the fungus or the unicellular green 

organism? As scientists you will all readily declare this to be a meaningless question. If you were 

either an alga or a fungus, however, you would feel differently about it JAMES B. Conant (1940). 


(2) 





Adaptions of the Physical Sciences to the Needs of Secondary School Pupils 


Puitie G. JOHNSON 
Specialist for Science, Division of Secondary Education, U. S. Office of Education, Washington 25, District of Columbia 


HE first major adaptation of the traditional 

physical science courses to the needs of 
secondary school pupils dates back almost a 
half-century. In 1904, a course “mildly physics 
and chemistry” was offered in Springfield, Mas- 
sachusetts. It is reported that ‘‘little by little the 
other sciences found their place, until the course 
became in fact, as well as in name, a course in 
general science.”’! It is not necessary to discuss 
in detail the development of general science in 
our high schools. It is sufficient to report that 
this science course is offered in more secondary 
schools and studied by more pupils than any 
other science course. 

An extension of this adaptation of the physical 
sciences to the needs of pupils is to be found in the 
growth of science instruction in the elementary 
schools. Much of what was formerly in the 
physics and chemistry courses was made a part 
of general science. Progressively much of what 
was included in the general science courses has 
been made a part of the science instruction in the 
elementary school. Topics such as electricity, 
simple machines, combustion, and the like, 
formerly considered to be suitable only for the 
more able 11th and 12th grade pupils, are now 
being studied with interest by 3rd, 4th, and 5th 
grade pupils. The same general technics that 
have been used to make physical science ma- 
terials suitable for pupils in elementary and 
junior high schools, have also resulted in adap- 
tations of the physical sciences for pupils with 
4th, 5th and 6th grade ability now in our senior 
high schools. Coupled with such adaptations 
have been changes to provide courses for the 
students with abilities suited to the 13th, 14th 
and even higher grades who year after year have 
failed to be properly challenged by our tradi- 
tional physics and chemistry courses. 


There was a time when there were no biology courses in 
our secondary schools. The standard offerings were botany, 
physiology and zoology. The name “biology” began to be 
used soon after general science was introduced, but in 
practice the course was either botany or zoology. As one 


1H. C. Kelly, Gen. Sci. Quar. 1, 195 (1916). 


person in 1906 reported, “It would be better to study 
both sides of biology if there were time; the time being 
limited, it is better to study one side well.’ A report 
from Pennsylvania in 1909 is rather illuminating. ‘‘We 
are trying to introduce into the first year of our high 
schools a course in biology which is essentially nature 
study. When this work shall have been absorbed by the 
grades, we shall change to the science of biology.’’ 

The movement toward our present biology courses 
began in 1913 when the following instructions were given 
to a national committee: “‘The general advisory committee 
hopes that it will formulate statements of valid aims, 
efficient methods, and kinds of materials whereby each 
subject may best serve the needs of high school pupils.’’ 
In the decade following World War I there emerged a 
new type of biology. ‘‘The content is not treated as that 
of two distinct sciences—botany and zoology—but the 
two are integrated.’® This development was in keeping 
with a committee recommendation of 1920. ““The Com- 
mittee believes that a course in biology in the 9th and 
10th grades should be what the name implies—a study of 
living things.’’® In the years following this report the 
enrolment rose steadily from 80,403, or 6.90 percent, in 
1915 to 656,520, or 14.60 percent, in 1933-34.7 Botany, 
physiology and zoology steadily decreased in both total 
and relative enrolment. I cite this example from the 
biological sciences, because it has implications for future of 
the physical sciences at secondary school levels. 


Physics and chemistry had for many years 
prior to 1934 each continued to enrol about 6 
or 7 percent of the high school population. As 
the enrolment in the high schools has increased, 
the enrolment in these subjects has increased 
about proportionately. There have been no com- 
parable data collected since 1933-34, but we 
may make certain inferences based on observa- 
tions and reports from scattered studies. Between 
1920 and 1930, while biology was undergoing a 
major reorganization, the physical sciences were 
being critically studied. The reaction growing 
out of one study was: 


The subject matter of physics in high schools possesses 
its share of inherited traditions, and the status of 


2G. A. Bretrall, Sch. Sci. Math. 6, 578 (1906). 

3C. A. Smith, Sch. Sci. Math. 9, 826 (1909). 

4H. B. Shinn, Sch. Sci. Math. 14, 778 (1914). 

5G. E. Nelson, Sch. Sci. Math. 28, 34, 131 (1928). 

6 Reorganization of science in secondary schools (Bureau of 
Education, Bull. No. 26, 1920). 

7 Offerings and registrations in high school subjects (U. S. 
Office of Education, Bull. No. 6, 1938). 
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ADAPTING PHYSICAL SCIENCES TO THE NEEDS OF SCHOOL PUPILS 


physics teaching in high school needs to undergo a 
profound change.® 


Another reaction, for chemistry, was as follows: 


It seems to me that the time has come when the 
rights of the 90 percent must be more fully recognized. 
The time has come when it should be possible for 
teachers in all preparatory schools to give a course 
which shall not be so tied down to college requirements 
as to prevent instruction in the chemistry of the 
student’s environment.?® 


Some groups openly advocated broader courses. 


The present differentiation of high school science into 
a large number of special sciences, physics, chemistry, 
biology, domestic science, etc., is questionable. 
Fundamental and thoroughgoing experimentation to 
develop new and broader grouping of subject matter 
which will cut across the present differentiated 
sciences is greatly needed and should be definitely 
undertaken wherever possible.!° 


Changes in chemistry instruction were being 
made according to a report published in 1931. 


There has been within the past two decades an 
increasing desire to avoid standardization and to 
adapt chemistry in any high school to the needs of 
the community and to the needs of the individual 
pupil.” 


During the ten years before World War II 
there were many attempts to adapt the high 
school physical sciences to the needs and interests 
of secondary school pupils. Various forms of 
applied physics, consumer chemistry, fused 
physical science, and advanced general science 
courses were developed and tried. Several text- 
books were published to reveal the content of 
these courses, and the reorganization of the 
physical sciences was well under way when the 
war opened. The schools were then encouraged 
to provide the science preparation basic to war 
service. Preflight aviation, aeronautics, funda- 
mentals of machines, fundamentals of electricity, 
and just more and better physics, chemistry and 
mathematics became the recommended adapta- 
tions because the needs were for manpower to 
win a war. The adaptations slowly developed 
during the 1930’s came to a grinding halt, anda 
reversal of the trend was encouraged. Physical 
science, applied science and the like were in 

8 J. M. Hughes, Sch. Sci. Math. 26, 619 (1926). 

°C. H. Stone, J. Chem. Ed. 1, 55 (1924). 


10 R. W. Osborne, Sch. Sci. Math. 31, 608 (1931). 
uP. J. Fay, J. Chem. Ed. 8, 1533 (1931). 
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many cases replaced by more rigid physics and 
chemistry courses, while other physical science 
offerings, including some physics courses, were 
replaced by preflight aviation, fundamentals of 
machines or fundamentals of electricity. When 
the war was over many science teachers and 
curriculum leaders began restudying the physical 
science offerings and planning new offerings more 
in harmony with current interests and needs than 
were the courses available at the close of the war. 

The physical science courses that are now in 
or now coming into the schools are of four types: 
(i) those that are reappearing following a war- 
time submergence, (ii) those remaining as 
offerings of long standing, (iii) those that were 
introduced in wartime but for which there is a 
continuing demand and (iv) new courses to 
recognize current and continuing needs of an 
atomic age. 

The reappearing courses such as_ physical 
science, applied physics and applied chemistry 
are following the patterns of the prewar courses 
but with considerable emphasis on the new 
applications which came out of the war. The 
physical science courses have many active 
supporters who argue that physics, chemistry, 
geology, meteorology, astronomy and the other 
physical sciences should be brought into a 
unified whole just as the separate biological 
sciences have been related in most of the current 
biology courses. They argue that the human 
implications of the physical sciences should be 
studied and discussed just as much as the 
human implications of the biological sciences. 
They believe that a course built around the 
important physical principles (using the term 
physical to include chemical, geological, astro- 
nomical, and the like) is just as desirable as a 
biology course built around the important 
biological principles. They have tried to build a 
one-year physical science course upon such 
premises. 

Some persons who are sympathetic with reor- 
ganizing the physical sciences are concerned 
because of the great difference between a 
physical science course and our traditional 
physics and chemistry. They advocate putting 
new life into the older courses. They have tried 
to build courses in applied physics, consumer 
chemistry, experiences with physics, physics with 
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applications, living chemistry, household physics 
and the like. There are two major objections to 
this plan: (i) students who study the applied 
physics seldom also study the other physical 
sciences, and thus only one facet of the physical 
sciences is explored; (ii) even when a student 
elects both the applied physics and chemistry 
courses, much of the applied geology, meteor- 
ology and astronomy is missed. The advantages 
are that the transition to a physical science 
offering adapted to the mass of students is 
easier for both the teachers and the parents. 

We shall omit any lengthy discussion of 
physics and chemistry as such. Suffice it to say 
that these courses have changed by the inclusion 
of much new material. Unfortunately much of 
the older material still remains, and with the 
decrease in time allotment for teaching and 
laboratory work many courses have become 
reading and reciting courses. The trend toward 
such a condition prompted the National Science 
Teachers Association to make its 1946 Yearbook 
on the theme, Time for Science Instruction.” It 
is necessary to either limit content or use speed- 
up methods when time is being reduced and 
possible content is being increased. 

Let us look at some of the courses remaining 
in the high school physical sciences following a 
wartime introduction. Here we will find aviation, 
radio, laboratory technics and possibly others. 
These are often taken in preference to physics or 
chemistry, although for the radio courses physics 
is usually a prerequisite. 

New courses to recognize current needs are 
mostly in the talking stage, but the inclusion of 
the physical sciences in a core involving English, 
social studies and science is being tried. A course 
in the history of science has been advocated as a 
means of relating science to the current scene. 
Some favor stress on the use of natural resources 
either within present courses or in a separate 
course. 

There are two current and continuing needs 
that the physical sciences should recognize: 
(i) the development of physical science courses 
for purposes of the general education of all 
students, and (ii) the development of physical 
science courses for the potential scientists. These 


2D. E. Sollberger, Yearbook (National Science Teachers 
Assn., 1946). 
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needs are present in each secondary school, 
however large or small. Up to this point this 
paper has dealt largely with adaptations related 
to the first of these needs. The usual physics and 
chemistry courses and such specialized courses 
as radio are more closely related to the second. 
The problem seems severe to many persons, 
because they wish to give adequate recognition 
to both needs and they ask: How can this be 
done? 

Large cities can set up special schools open 
only to selected students." In the science high 
schools there can be many special science oppor- 
tunities for the science-talented students, while 
English, social studies and other nonscience 
courses, suitable to such students and geared to 
their special needs, are also provided. In such a 
high school the students will study biology, 
physics and chemistry, plus electives in biology, 
geology, physics and/or chemistry beyond the 
basic courses. The remaining high schools may 
then be either general or for students other than 
the especially science talented. There the usual 
physics and chemistry courses are far less 
relevant, and serious attention should be given 
to life-adjustment types.of physical science 
courses. A course in physics, without the addi- 
tional year’s course in chemistry and without 
much consideration of the everyday phases of 
geology, meteorology, astronomy and photog- 
raphy, provides an unbalanced view of the 
physical sciences. 

Where special science high schools are impos- 
sible there are still many adaptations readily 
possible, providing the high school is large and 
there are several science teachers. It is possible to 
set up parallel offerings with physical sciences or 
applied science courses for the general students 
and rigid physics and chemistry courses for the 
students with scientific interests and abilities. It 
is also possible to relate to the general courses 
certain honor classes for the able students.” 
Guidance for such work can be provided by the 
one teacher best qualified. Some of this work 
can be done during regular course time, some can 
be done during free periods, during out-of-school 
hours, and possibly during vacation periods. 

13N. L. Engelhardt, et al., Specialized high schools in 


New York City (New York Board of Education, 1946). 
4 P, F. Brandwein, Sct. Mo. 64, 247 (1947). 
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The smaller schools, in which most of our 
students are found and in which there are only 
one or two science teachers, find it difficult or 
impossible to provide parallel offerings or to 
supervise the talented students in all the 
specialties toward which they may indicate deep 
interests. Nevertheless, these schools have the 
responsibility to adapt courses to the needs of all 
students and also to provide guidance to chal- 
lenge the interests and talents of potential 
scientists. Up to the present the physical sciences 
have been adapted more nearly to the needs of 
the potential scientists than to the needs of the 
mass of students. However, the general needs of 
all students have often been given so much 
recognition as to seriously weaken the course for 
the talented. 

The most hopeful means of adapting the 
physical sciences to the needs of the students 
in the smaller high schools are those provided by 
general courses with differentiated assignments, 
so that individual needs and interests can be 
given some recognition. These schools can offer a 
one-year course in the biological sciences and a 
corresponding one-year course in the physical 
sciences. Students especially interested in physics 
or chemistry can take such courses by corre- 
spondence, with the science teacher serving as the 
counsellor. Through differentiated assignments 
such as contracts, mastery units, and group- 
conference plans, there can be wide adaptations 
not only to the talented, but also to the students 
of mediocre or lower ability. Through revised 
courses and individualized instruction based on 
differentiated assignments, the physical sciences 
can be adapted to the needs of students in even 
the small high schools. 

It will be noted that I have given at least a 
nod of approval to one-year physical science 
courses in preference to one year of physics or 


one year of chemistry. This does not mean that 
all types of physical science courses are worthy 
of such a place. I believe in physical science 
courses built around the major physical prin- 
ciples and laws, and stressing the everyday appli- 
cations and significance of such relationships. I 
believe in individual laboratory work and also 
experiments demonstrated by the teacher. I 
believe in the use of textbooks as well as in the 
wide use of library materials. I believe in direct 
teaching with aid to memorizing as well as 
helping students develop the ability to gather 
facts, relate them and apply them to new situ- 
ations. I believe in a course that gives all youth 
an understanding of the various physical sciences 
and what some of the major social implications 
may be, as well as a course that provides for the 
interested and able students the guidance they 
need to master the additional facts and theory 
which are basic to further studies related to 
physics and chemistry. 

School systems that can provide both special 
science high schools and general high schools 
should do so. Schools that can offer parallel 
courses, advanced courses, and much individual 
guidance should do so. Small high schools that 
can adopt neither of these plans can and should 
develop reorganized physical science offerings 
and should to a major degree individualize 
classroom procedures so that the individual needs 
and interests of the pupils can be recognized 
through differentiated assignments, correspond- 
ence courses, library reading, laboratory work, 
club activities, studies afield and the like. Rather 
than inhibit the development of physical science 
courses, we should help to make them really 
science courses with laboratory, library, class- 
room, outdoor and club activities related to the 
needs and interests of youth. 





None have fought better, and none have been more fortunate, than Charles Darwin. He found a 
great truth trodden underfoot, reviled by bigots, and ridiculed by all the world; he lived long enough 
to see it, chiefly by his own efforts, irrefragably established in science, inseparably incorporated 
into the common thoughts of men. What shall a man desire more than this?p—THomMas HENRY 


HUXLEY. 





Experiences with Physics Courses in General Education 


Proceedings of the Round Table, Colloquium of College Physicists, 
State University of Iowa, June 13, 1947 


ISCUSSION during the 1946 Colloquium of 
College Physicists! indicated that the cur- 
rent emphasis on general education, as contrasted 
with specialized training, is rather fundamental 
and here to stay. That session requested that in 
1947 reports be presented of special courses in 
physics in colleges of liberal arts which have been 
organized for nonscience majors. The round table 
therefore presented to the Colloquium seven 
different special courses which have been organ- 
ized for this purpose, and described experiences 
pertaining thereto. The participants in this round 
table decided also to present recommendations 
covering special courses in physics in general 
education. One of these recommendations was to 
request a discussion of teaching methods at the 
Colloquium of 1948. The present discussion was 
therefore restricted to the need for and factual 
descriptions of such special courses and to the 
recommendations made by the round table, 
leaving the discussion of methods for 1948. 
Descriptions of the seven special courses follow. 


Lawrence College 


The course at Lawrence College is described in the Col- 
lege Bulletin as Physics 1-2, ‘“‘A course in the facts, methods, 
and philosophy of the physical sciences.” It carries a total 
of eight semester-hours of credit, with three lecture-recita- 
tion periods and one 2-hr laboratory per week. There are no 
prerequisites, and the course is regarded as a terminal one. 
It does not aim to meet any preprofessional requirements, 
but it does meet the general requirement of the college for a 
laboratory science. 

The principal aims of the course are: (i) to illustrate and 
give practice in the type of reasoning and judgment em- 
ployed by the scientist; (ii) to study the gradual evolution 
of new ideas and concepts and to make the student con- 
scious of the relation between scientific development and 
social change; (iii) to equip the student with a reasonably 
good picture of macrocosm and microcosm and give him 
some familiarity with the most important laws that 
describe the order found therein. 

The method used in working toward these objectives in- 
volves the selection of a few major topics which are treated 
as thoroughly as time permits. In the choice of these topics, 
attention has been paid to the historical development of 


1Am. J. Physics 15, 77 (1947). 


science and to the natural hierarchy of the sciences. During 
the past year the topics were: rise of the Copernican sys- 
tem; work of Galileo; Newton’s laws of motion and uni- 
versal gravitation; structure of matter and energy; chem- 
istry of carbon; earth history. 

The core of the course is the physics part. Approximately 
two-thirds of the available time is given to the work of 
Galileo and Newton and to the section on the structure of 
matter and energy. Excursions are made into the fields of 
chemistry, astronomy and geology far enough to show the 
relationship between these sciences and to physics, and to 
give a unified view of the physical universe. Krauskopf’s 
Fundamentals of physical science served as the basic text- 
book for the course. Robertson’s Atomic artillery and the 
atomic bomb and Gamow'’s Biography of the earth were also 
carefully read. 

The laboratories have been about equally divided be- 
tween quantitative student experiments, demonstration 
experiments, and the study of sound motion pictures. The 
object here has been not to develop or illustrate technics 
peculiar to any one of the sciences, but rather to aid the 
student in the visualization of processes and to illustrate 
the part played by observation and analysis in the method 
of science. 

During the coming year, more emphasis will be placed 
upon problem solving and upon reading from original 
sources. More quantitative student laboratories will be 
introduced, and attention will be directed toward more 
creative response of the student and upon the devising of 
tests that will more adequately measure the extent to which 
the fundamental goals have been realized.—W. P. GILBERT. 


Kalamazoo College 


At Kalamazoo College eight semester-hours of credit in 
a laboratory science are required for graduation. This re- 
quirement can be met by taking the physics course for 
general education. It is a year course, with a total credit of 
eight semester-hours, and includes one 2-hr laboratory 
period each week. The number of students in 1946-47 
was 26. 

The course is ot a survey course. We select topics and 
aim to treat each of them thoroughly. We fear super- 
ficiality and would consider it deadening for the course. We 
try to stimulate students to think independently and pre- 
cisely, and to use words correctly; for example, to show 
them that power, ability and energy are not synonyms in 
scientific language. 

The course is nonmathematical. In discussing a concept 
like acceleration we use words instead of mathematical 
symbols. We employ a large number of ‘‘thought questions” 
and no numerical problems, except the most obviously 
simple kind. A typical thought question is: Will a log sink 
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deeper in fresh water or in salt water? Why? Does this have 
any connection with ease in swimming or floating in salt 
water? 

Applications of principles to everyday life are stressed. 
The student is encouraged to think of these applications 
without reference to any book. The attempt is made to 
train the students to draw logical conclusions from a set of 
data, and not to jump to unwarranted conclusions. 

We aim to make the course student centered, in so far as 
this is possible with a course in physics. Here the danger to 
avoid is a possible tendency for the course to degenerate 
into mere entertainment or recreation. On the positive side 
of this aspect, we thoroughly believe the students should 
master some concepts and grasp some of the so-called 
natural laws of this world in which we all live. 

Our approach to the course is experimental. With more 
experience we may want to revise some of the foregoing 
statements. However, we are convinced that segregation of 
those students who are taking physics merely to round out 
a general education has enabled us to give them a course 
much better suited to their needs and interests than would 
be the general college physics course.—J. W. HORNBECK. 


Beloit College 


A course in ‘‘Introductory Physics’’ for nonscience stu- 
dents has been taught at Beloit College for two years. It is 
a lecture-demonstration-discussion course without labora- 
tory and meets three hours per week for two semesters. It 
counts toward the two-year science requirement at Beloit, 
since only one year of this requirement must entail a course 
accompanied by laboratory. Students desiring laboratory 
work in physics may enroll in a separate laboratory course. 
However, Introductory Physics is organized on the assump- 
tion that the students are not taking this work. 

The purpose of this course is twofold: (i) to give the non- 
science student an understanding of some of the basic 
principles and theories of physics and an understanding and 
appreciation of the methods used in arriving at those 
principles and theories, with the hope that he will thereby 
gain a deeper appreciation of the value of the scientific 
method through study in a field in which that method has 
been preeminently successful; (ii) to give the student a 
better understanding and thus a greater enjoyment of the 
world around him. 

Blackwood’s Introductory college physics was used as a 
textbook in 1946-47, and the organization of the course 
followed rather closely that of the text. No effort was made 
to cover all of the material included in the usual course of 
general college physics. All of the major divisions were 
studied, as well as the principal chapters of each, but some 
of the topics were slighted to provide time to develop 
others more adequately. Thus the course could be described 
as selective within sections rather than by sections. 

There are probably two main reasons why a course 
differing both in content and in approach from the con- 
ventional course should be available to nonscience majors: 
(i) the conventional course is designed for the prepro- 
fessional student and cannot be altered appreciably ; it con- 
tains much material that is of value only as a discipline so 


far as the nonscience student is concerned, and omits other 
material that might well be of greater value to him; (ii) the 
nonscience student does not have the same interests or the 
same background as the science major. Thus a special 
course seems appropriate. It should be emphasized that 
such a course need not necessarily be a snap course. 

“Introductory Physics” at Beloit attempts to accomplish 
these ends by being somewhat selective of the material 
covered. There is less problem solving than in General 
Physics, and some of the problems are qualitative. Further- 
more, the student is not held for the derivation of all of the 
equations used. However, no special effort is made to steer 
clear of mathematics. When special mathematical technics 
are required, they are developed. Some consideration is 
given to the social implications of physics and of science in 
general, the nature of the scientific method, and other 
similar topics not usually discussed in General Physics 
because of the lack of time. 

It is believed that more time should be devoted in our 
course to a study of these extrascientific topics. We thus 
plan to place greater emphasis on what President Conant 
calls ‘understanding science.’’ The science major will have 
many years of study and experimentation in which to 
acquire this understanding, but the nonscience student has 
but one or two short years of direct contact with the sci- 
ences. For him our introductory courses are terminal 
courses. They must be so organized that he will more surely 
gain an understanding of what science is, what it can, and 
what it cannot do.—R. RONALD PALMER. 


Wabash College 


“Principles of Physical Science’ was given in 1946-47 for 
six semester-hours credit; it consisted of two lectures and 
one 2-hr laboratory period per week, throughout the year. 
For 1947-48 the credit has been increased to eight semester- 
hours, with one additional lecture per week. Every student 
in the College must take either this course, or general 
physics or general chemistry. Every student has had college 
algebra, trigonometry and a one-year course in general 
biology. The course is not open to freshmen or to students 
majoring in any natural science. 

Physics and, to a lesser extent, chemistry are made the 
core of the course. Considerable material on astronomy and 
geology is also included, but mainly as illustrative of 
physical principles and methods, and of the ways in which 
these methods must be modified in order to deal with 
different kinds of phenomena. The treatment is selective 
and, in the lectures, mainly analytic. The textbook is 
Krauskopf’s Fundamentals of physical science (McGraw- 
Hill). The physics department is in charge of the course and 
teaches about two-thirds of it; the chemistry department 
teaches the remainder. 

About half of the 2-hr periods are devoted to experiments 
carried out by the students; the others are used for showing 
demonstration experiments and motion picture films, and 
for giving tests and additional lectures. We are attempting 
to develop “‘cultural’’ experiments along the lines described 
in my preceding article.? But there is still much room for 


2 D. Roller, Am. J. Physics 14, 390 (1946). 
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improvement in these experiments and, also, in the tests. 

The aims of the course have already been described in the 
aforementioned article. A special attempt is made to intro- 
duce material that repeatedly illustrates the 15 generaliza- 
tions stated on pages 393-4 of that article. Continual em- 
phasis is also placed on such topics as: rules for clear 
thinking; meaning of experimentation; levels of abstrac- 
tion; fact, hypothesis, law, axiom (principle), theory; 
unconscious hypotheses; kinds of definition; induction and 
deduction; nature of proof; frames of reference; scientific 
language and symbology. 

Simple mathematics is used freely, on the grounds that 
it is impossible to gain an adequate understanding of 
physical methods without it, and that understanding of and 
facility in the applications of elementary mathematics are, 
today, an essential part of a college education. However, in 
mathematical demonstrations on the blackboard, care is 
taken to explain each step in terms of mathematical rules 
and laws that have previously been reviewed, and to corre- 
late the steps with the physical operations under discussion. 
In the tests, very simple quantitative exercises are included ; 
no credit is given for partial solutions. 

Among faculty and students as a whole, the opinion 
seems to prevail that the course is being developed in the 
right direction and that it probably will serve the purpose 
for which it is intended.—DUuANE ROLLER. 


Swarthmore College 


In 1945 the administration of Swarthmore College asked 
me to plan and initiate a one-semester course in physics 
that would contribute to the general education of students 
not intending to major in a science. The course was to carry 
no credit toward a major sequence in physics, but it was to 
be drawn from physics only and not from the whole field of 
the physical sciences. 

In view of the aim of making the course a factor in the 
general education of the student, I felt that a satisfactory 
amount of the factual material and ideas of modern physics 
should be included. The only practical way of doing this 
within the time available was seen to be by drastic selection 
from the wealth of material covered in conventional physics 
courses. We treat such parts of classical mechanics, optics 
and electricity as are deemed fundamental and necessary 
for appreciating modern developments. Large deletions 
were made in the fields of acoustics, properties of matter, 
hydrostatics, and so forth, but continuity was not sacrificed 
in the process. 

There are three classroom sessions and one laboratory 
period each week for one semester. Classroom work is of the 
lecture-discussion type, accompanied by extensive demon- 
strations. Liberal use is made of visual aids, including some 
sound motion pictures. The laboratory period of two to 
three hours is usually given over to quantitative, student- 
performed experiments, for it is my conviction that some 
individual laboratory work is desirable in any course in an 
exact science, even an introductory one. Some of the labo- 
ratory periods are devoted alternatively to problem drill, 
additional demonstrations, review or discussion. 

One-hour tests, given at intervals of two or two and one- 
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half weeks, usually involve some numerical problems. The 
final examination (3 hr) consists largely of multiple-choice 
questions of the general type found in the Cooperative 
Physics Tests, with a small number of longer quantitative 
problems added. 

Information gathered from various sources indicates that 
the students feel that the course is fulfilling the purpose for 
which it was set up—that it meets a need which the stand- 
ard first course in physics fails to satisfy. Many students 
have expressed the opinion that the course is intellectually 
challenging. Some have said that while the course is ‘‘stiff’” 
it is not forbidding, as they feared any physics course must 
be. 

Some features of the course are not satisfactory as they 
stand. (i) One semester is too short a time for this course; 
two semesters, with perhaps fewer hours per week, would 
be a better arrangement. (ii) Better methods of testing 
should be devised; this is not an easy task, but one worthy 
of much thought on the part of those interested in this type 
of instruction. (iii) Particularly in view of the fact that 
mastery of subject matter is not among the main objectives 
of the course, more attention should be devoted to the 
history and philosophy of science; this is a direction of 
emphasis that might well figure more prominently in 
professional as well as general physics courses.’ 

Far more important than the details of method are the 
objectives of the course. Broadly speaking, these should be 
to convey an adequate idea of the scope and method of 
science and to provide a background for the intelligent 
evaluation of modern developments in physics. The last 
statement might be put more pointedly and in a form 
applicable to any course in any subject at this time in 
world history: To contribute to the prevention of another 
war.—IRA M. FREEMAN. 


Colgate University 


Our one-semester course, together with a similar course 
in biological science, make up what is listed in the college 
catalog as “Problems in Natural Science.” This last course 
is a member of a family of ‘‘problem” courses which com- 
prise the present general education requirement. 

Colgate University, being a liberal arts college, has for 
some years felt a responsibility for the general education of 
its students. Beginning in 1933 it required that each student 
take five one-semester survey courses unless he could 
exempt himself from any by a special examination. From 
1943 to 1945 the entire Colgate Plan was reviewed and both 
revised and extended, so that now all students are required 
to take a total of 44 semester-hours of general education 
courses, some of which extend into the senior year. This 
new ‘core curriculum” replaces the 25 hours previously 
required in surveys and freshman English. 

The change from survey courses to problem courses was 
made advisedly. Although survey courses at their best can 
be stimulating previews of important fields of learning, ex- 
perience showed that they might, for the average student, 


3See the highly provocative paper by P. Frank, ‘The 
place of the philosophy of science in the curriculum of 
the physics student,’ Am. J. Physics 15, 202 (1947). 
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become mere memory contests little related to his other 
studies. In the new problem courses he is continually con- 
fronted by actual situations, or cases, which cannot be dealt 
with in traditional textbook fashion. The student not only 
needs to be familiar with pertinent material, but is expected 
to. make some of the analysis and search for a solution 
himself. 

In adapting the problem approach to the course in 
physical science, three objectives have been selected: (i) to 
give the student experience in accurate and critical thinking 
and to jolt him out of his habit of authoritarian learning; 
(ii) to give him an appreciation and understanding of how 
physical science functions to obtain its results; (iii) to pro- 
vide him with a grasp of some of the important laws and 
principles of physical science. 

The material of the course consists of seven or eight main 
topics, or problems, selected to give samplings cf the various 
fields of physical science and to show how they interrelate. 
It becomes evident that physics is the basic science because 
it appears in practically all the problems. No textbook is 
used. Each student has a set of mimeographed notes for his 
guidance, but most of his study is done in selected books on 
the reserve shelf of the library. Some of these readings are 
from original sources. The students meet three times a week 
in discussion groups of about 25. They keep the same in- 
structor all semester. In addition, all groups meet together 
one afternoon a week for demonstrations, lectures and 
movies. Occasionally the large lecture is replaced by a field 
trip or by opportunity for small groups to work in the 
laboratory. The course carries four hours credit. 

The first problem the students confront is, ‘‘Does the 
earth go around the sun or the sun around the earth?” In- 
stead of accepting the answer from an authority, they are 
asked to familiarize themselves with the important celestial 
motions, such as Hogben presents in Science for the citizen, 
and then to test possible hypotheses. After about two weeks 
they turn to the history of that famous problem. For a 
problem such as “‘What happens in combustion?” the direct 
historical approach, using some of Priestley’s writings, is 
quite appropriate. For cthers, such as ‘What keeps an 
airplane up in the air?”, an analysis based upon physical 
principles is used. 

Notall the problems one can think of are equally suitable, 
but there are plenty to provide variety from time to time. 
The course will be in a state of flux for some time as teach- 

ing technics are worked out. In its first experimental year 
the response of both students and staff has been gratifying. 
—CLEMENT L. HENSHAW. 


State University of Iowa 


The Faculty Committee on Core Courses requested our 
department of physics to give one half of an eight-semester- 
hour course entitled ‘Introduction to Physical Science.” 
Because of the size of the registration and for other reasons, 
the decision was made to have only classroom work. All 
experiments were lecture-room demonstrations. 

The assignments were twofold: the study of a textbook, 
and the answers to specially prepared questions. The text- 
book was Luhr’s Physics Tells Why. The questions were not 
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numerical problems, but ‘‘thought’’ problems. About two- 
thirds of the preparation time, so the students reported, 
was given to the problems and one-third to the textbook. It 
is to be observed that a very simple and readable textbook 
almost free of mathematics was selected, and nothing was 
omitted because of its difficulty. The text was supplemented 
rather than subtracted from, a policy of unusual signifi- 
cance in the subject of physics. 

Aside from the experimental demonstrations, lecturing 
was avoided. The problems for the day were discussed 
rather rapidly, the speed being adjusted so that those who 
had given reasonable thought to the assignment could be 
helped, and those who had come unprepared could not 
master the assignment in the class hour. 

A unique feature was the amount of time spent in ten- 
minute quizzes, in hour tests and in “‘contests,’’ presently to 
be explained. Approximately 25 percent of the classroom 
time was spent in this written work. Inasmuch as the 
answers to the problems were in words and depended on the 
acquisition of clear ideas, it seemed to be difficult for a 
student to lean on the help of another. 

The ‘‘contests’’ were thought problems which were much 
too difficult for routine marking purposes, but served to 
challenge the ability to think independently. Again these 
were not numerical problems. 

Considerable effort was spent in attempting to have the 
students realize that they could do creative work, each at 
his own level of attainment. 

Throughout, the outside effort of the student was 
emphasized. The classroom was only a “clearing house.” 
The skill of the instructor was expended not in ‘‘teaching”’ 
but in obtaining a good effort by the student. None of the 
85 registrants seemed to loaf; incidentally, none failed to 
pass.—G. W. STEWART. 


Recommendations 


It seems high time that active steps be taken 
to encourage the wider establishment of such 
courses as those just described. This requires an 
expression of opinion of some definiteness upon 
which we can agree. That courses in physics are 
taught to convey information seems self-evident 
and not in need of discussion. But the present 
greatly increased interest in general education 
and the opportunity of physics therein, led the 
round table participants to propose the following 
especially pertinent recommendations: 

(1) That there be established in our colleges 
special physics or physical science courses for 
students in general education. 


“General education is that which prepares the young for 
the common life of their time and their kind.” Few will fa- 
vor the traditional college physics as satisfactory for general 
education, partly because it is too specialized. Moreover, 
the curriculums covering general education differ widely. 
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The only way to cooperate in the current emphasis on 
general education is to favor the establishment of a course 
in physics or physical science for that purpose. 


(2) That courses be so organized and so taught 
that they can: (a) Be applicable to our common 
life in both a particular and a broad sense. 


By “particular” application is meant specific application 
to the natural physical world and also the devices of man. 
By “‘broad”’ is meant cultural, embracing the appreciation 
of the limits of present knowledge, an insight into scientific 
methods and an awareness of the difficulties that science 
faces. The recommendation is made broad enough for any 
science. 


(b) Give the student an opportunity to think 
independently and to cultivate confidence in his 
ability to do so. 
“Independently” is a popular term and is not intended 
to assert that there is such a thing as absolute independence. 
It means without conscious, complete dependence upon 
what has been learned, and this involves mental processes 
other than memory. If one is conscious of a measure of 
independence, confidence is developed, and this confidence 
is essential to one’s best efforts in life. 


(c) Give the student a distinct awareness of the 
possibility of his creativeness at his own level of 
attainment. 


BENHAM 


“‘Creativeness” in action may be described as a process 
that is characterized by the emergence of something 
recognizably new and valuable to the individual. Whether 
or not it is new to the world is not here essential. The same 
mental process occurs in either case. Reference must thus 
be made to ordinary creativeness, the kind that may be 
practiced by anyone, any day. Clearly it can only occur 
precisely at the level of possible attainment of the indi- 
vidual. There is creativeness in solving the kind of problems 
wherein not only logic but also relations and correlations 
are recognized and used. But the problems must be suited 
to the attainment of the student. Thus, such problems can 
be devised for a student with one semester-hour of physics, 
two semester-hours or any amount of preparation. 

This process not only involves the use of the student’s 
abilities, but also implies procedures which cause him to be 
consciously aware, first, that he has accomplished some- 
thing creative and, second, that he can, by using these 
general abilities, be creative in situations other than those 
met in physics. It was thought best not to refer to the 
difficulty of this transfer in the recommendations, since 
this topic would naturally be included in the discussion of 
methods next year. 


(3) That such a special course should not be 
standardized, but that each such course should be 
adjusted to the curriculum in its own college. 

(4) That the Colloquium for 1948 organize a 
round table that will discuss the effectiveness of 
methods of teaching and testing used in these 
special courses. 


Bessel Functions in Physics: Applications* 


T. A. BENHAM 
Haverford College, Haverford, Pennsylvania 


ANY physical problems lead to a differ- 
ential equation of the type that permits 
the use of the Bessel function in the solution. 
However, except in the simplest type of problem, 
considerable maneuvering is necessary before a 


* This is the second of two articles on Bessel functions. 
The first article, which dealt with the theoretical aspects, 
appeared in the July-August issue [Am. J. Physics 15, 
285 (1947) ]. The numbering of sections, figures, equations, 
tables and footnotes is consecutive in the two articles. It 
has been brought to the author’s attention that Eq. (2), 
in the first article, is in error and should read: d?s/dé? 
+g sin@é=0. In the original manuscript, of which these 
articles are condensations, it was stated that “if the dis- 
placement is small, so that @ is less than 10°, Eq. (2) 
would be a satisfactory approximation;’’ unfortunately, 
this qualifying statement was omitted in transcription. 
The solution for the exact equation would involve elliptic 
integrals. 


form of the Bessel differential equation is ob- 
tained. This maneuvering is accomplished gener- 
ally by making reasonable assumptions. The re- 
sults must be tested to determine whether the 
assumptions are justified. The examples to follow 
will give some idea of the processes involved. 


9. Vibrating Drumhead” 


Consider a flat, circular membrane of uniform 
density, having mass o per unit area, bounded by 
a rigid ring at radius a and stretched along all 
diameters with a tension T. The rest position of 
the membrane lies in the x, y-plane with its 


23 A. Gray and G. B. Mathews, Treatise on Bessel func- 
tions (Macmillan, 1895), p. 94. 
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center at the origin of coordinates. Suppose the 
center of the membrane is displaced in the posi- 
tive z direction, and suppose that this displace- 
ment is small enough that the tension is not 
altered. When released the membrane will vi- 
brate transversely. Let us choose an element of 
surface AS (=ABCD, Fig. 7), with center at 
(x0, Yo, Zo). The tension on this displaced element 
is tangent to the surface so that the restoring 
force, which is in the negative z direction, can be 
found by the following reasoning. 

Let us recall that the tension gives rise to a 
force, acting across any line drawn in the mem- 
brane, which tends to split the membrane along 
that line. Hence, the force across any element of 
that line acts at right angles to the projection of 
the element in the tangent plane and lies in that 
plane. Since the tension T is the same at all points 
of the membrane, and since force is equal to 
tension times length, the vertical component of 
the force acting upward on the side AB of the 
element AS is given by 


Fyi=—T sin(6—3A0@) Ax, (101) 


where @ is the angle between the horizontal and 
the intersection of the tangent plane at the center 
of the element and the plane x = xo, and $A@ is the 
increment in @ in going from the center to the 
edge AB. The negative sign arises because 0 
itself is negative, but the force is upward. Since 6 
is small for small displacements, sin#é=tané 
= 02/dy, and 


sin(@— $A@) = tan(@— 3A@) 
= (d2/dy) — (0°2/dy") - Ay. 
Therefore, 


Fyi= —T((d2/dy) — (0’2/dy") 5 - Ay JAx. 


In a corresponding manner, the vertical com- 
ponent of the force acting on CD is given by 


Fy3=T sin(@+43A0)Ax 

= T[(02/dy) + (0?z/dy*) -FAy JAx. 
Since 02/dy is negative in the first two octants for 
a membrane displaced as described, Fy; is down- 
ward. The net force contributed by these two 
edges is 
Fyi— Fy3=T(0?2/dy*)AyAx 

=T(0?z/dy?)AS. (102) 


Inasmuch as the membrane is concave downward, 
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0°z/dy? is negative and the net force is down- 
ward. Similarly, for the edges BC and AD we 
have 


Fy2=T sin(¢+ 3A¢)Ay 
= T[(02/dx) + (0?z/dx?) -3Ax JAy, 


Fys= —T sin(¢— 3A¢) Ay 
= —T[(dz/dx) — (022/dx?) -ZAx Ay, 


where ¢ is the angle between the horizontal and 
the intersection of the tangent plane with the 
plane y= yo. The net force from these two edges is 


Fys—Fy2= T (6?2/dx?)AS. (103) 


This force is again downward. The total restoring 
force acting on the element is 


F=TT[(0?2/dx*) + (0°z/dy*) JAS. 


Further, from Newton’s second law, 


(104) 


F=ma=cAS(0?2/d0). 
Hence we may write 
8°z/d? = C2[(a2z/dx) + (82s/ay2)], (105) 


where C?=T/c, so that C has the dimensions of 
velocity. 


Now transferring to cylindrical coordinates, we 
get 


0°2/dl = C?[_(022/dr?) + (1/r) (dz/dr) 


+(1/r)(#2/d¢")], (106) 


where r is the distance from the origin to a point 


z 


Fic. 7. Element of surface of a stretched 
circular membrane. 
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TABLE III. Characteristics of the vibration of a circular 
membrane clamped at the circumference. 


Number 
Frequency of nodal 
(cy /sec) circles 


85.6 


Radius of 
nodal circles (em) 


on the membrane. Here ¢ is the angle between 
the projection of r in the x, y-plane and the 
x-axis. 

Equation (106) looks as though it might be 
altered to yield the Bessel differential equation 
[Eq. (20)], but practice is the only way of 
learning how to make such a transformation. 
First it is necessary to eliminate the derivative 
of z with respect to time. Let us try substituting 
z=ucoskCt, where u is independent of time. 
Then Eg. (106) becomes 


(du /dr?) + (1/r) (du/dr) 
+(1/r*) (d?u/dg?) +k?u=0. (107) 


This looks more like what is being sought, but the 
derivative with respect to ¢ must still be elimi- 
nated. Therefore, let us assume that u=v cosndq, 
where v is a function of r alone. Equation (107) 
then becomes 


(d°v/dr?) + (1/r) (dv/dr) 
+[k?—(n?/r?) ]v=0, (108) 


which is the Bessel differential equation, Eq. (20). 
The solution is 


v=AJ,(kr)+BY,(kr), 


where m is a positive integer. But for kr=0, 
Y,(0) =— «, so that B must be equal to zero. 
Hence, 

v=AJ,(kr), (109) 


or, in terms of g, 


z=AJ,(kr) cosnd coskCt. (110) 


But from the boundary conditions, at r=a the 
amplitude of vibration must be zero under all 
conditions; hence J,(ka) must be equal to zero. 
This is a transcendental equation for defining k; 
it has an infinite number of possible solutions and 
hence gives an infinite number of modes of oscil- 
lation. Furthermore, at t=0, z=AJ,(kr) cosnd, 
and 0z/dt=0. 


BENHAM 


Each element of the membrane moves si- 
noidally in such a way that the frequency is 


f=o/2x=kC/2z, (111) 


and the amplitude is AJ,(kr) cosn¢. The ampli- 
tude is zero whenever J,=0 or cosu¢=0. 

Let kna be the mth root of the Bessel function. 
Then the amplitude will be zero whenever 
Jn(Rma) =0, and, in fact, whenever 7 = a(ki/km), or 
r=a(ko/Rkm), +++, =a, which means that J, be- 
comes zero m times as r varies between zero and 
a. Hence there are m nodal circles where the 
membrane could be clamped without disturbing 
the mode of oscillation. Also the amplitude is zero 
when n@=}7, so that there will be nodal 
diameters along which the membrane could be 
clamped, dividing it into 2” segments. In general, 
the amplitude is zero when ¢=2(4n—1)/2n. It 
will be noted that k,,@ is a pure number, so that 
km is expressed in reciprocal centimeters. 

Let us write M,, for kna, so that Mm is the mth 
root of J,,(x) =0. Equation (110) then becomes 


2=AJ,[(Mm/a)r] cosn¢ cos[(MnC/a)t]. (112) 
Then substituting k, = M,,/a in Eq. (111), we get 
f=RmC/24 = MnC/2xa=(T/o)*(Mmn/2ma), (113) 


which shows that the frequency is proportional to 
the square root of the tension, inversely pro- 
portional to the square root of the membrane 
density and inversely proportional to the radius. 


Suppose that »=0, a=10 cm, T=50,000 dy/cm and 
o=0.01 g/cm*. Then Eq. (112) becomes 


2=AJMn(r/a)] cos[(MnC/a)t]; 
also 


C=(T/o)t=2240 cm/sec, 


and f=gMm, where g=C/2xa=35.67 sec”. Consulting 
Table II,™ for m when n=0, we obtain Table III. 

As can be seen from this table, the number of nodal 
circles is equal to the number of the root, m. For example, 
when m=4 and M,»=11.8, there are four nodal circles 
having radii of 2.03, 4.67, 7.33 and 10 cm. There are, how- 
ever, no nodal diameters. If ” is not equal to zero, nodal 
diameters and nodal circles will result. For example, if =1 
and Mn, =3.83 [first root of J:(x)=0], Eq. (112) becomes 


2=AJ,(0.383r) cos¢ cos(8582). 
This will give a frequency, 


f=858/24 = 136.6 cy/sec. 


*T. A. Benham, Am. J. Physics 15, 290 (1947). 
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Since J,(0)=0, except for »=0, the amplitude of motion 
will be zero at the center except for the case when ~=0. 

As ¢ varies from zero to 27, the amplitude of motion will 
be zero at ¢=2z/2 and @¢=32/2. Hence, there will be a 
nodal diameter. If M,=7.02 and n=1, there will be one 
nodal diameter and two nodal circles, of radii 4.77 and 10 
cm. The radius is obtained from the relation r =a(3.83/7.02). 

As can be seen from Eq. (112), any two adjacent seg- 
ments are vibrating 180° out of phase. That is, when the 
amplitude of one is positive, the amplitude of the other is 
negative. Typical modes are shown in Fig. 8. In this figure 
the plus or minus signs indicate alternate phase when*® 
t=0. It should be possible to verify the theoretical results 
shown in Fig. 8 by experiment. It is well to mention, how- 
ever, that the results here obtained are not representative 
of conditions existing in practice, since the drumhead is 
seldom, if ever, struck in such a way as to produce these 
modes of oscillation. 


10. Acoustic Horn 


Another interesting application of Bessel func- 
tions is that encountered in problems of sound 
waves traveling in acoustic horns. Such a horn is 
one for which the cross-sectional area S, in a 
plane at right angles to the axis, increases ac- 
cording to some power of the distance from the 
small end of the horn, as measured along the axis 
of the system. 

Suppose a source of sound is located at the 
throat and sends a disturbance along the axis of 
the horn. Further, for simplicity, let us suppose 
that there are no displacements of the medium at 
right angles to the axis and that the wave is in 
phase over any cross section. The wave equation 
would then be 


b/d? = C?(Pb/dx*), (114) 


where ® is the velocity potential. The equation of 
continuity for this case is 


S(dp/dt) = —dSpu/dx, (115) 


where p is the density of the medium and w is the 
x-component of the particle velocity—in the 
present case, the total velocity. Here it is neces- 
sary to multiply by the cross-sectional area, since 
we are concerned with an elementary volume of 
thickness dx, and a radius equal to that of the 
horn at the point in question. The complete wave 


25 A somewhat different approach, which leads to the 
same result, may be found in N. W. McLachlan, Bessel 
functions for engineers (Oxford, 1941), p. 9. 


equation for the horn is then, 


— (1/C?) (6°&/d#) — (1+s) (08/dx) 
X[(0/dx) InS]— (d@/dx) (ds/dx) 
—(1+5)(0%6/dx?)=0, (116) 


where s is the dilatation, defined as the change in 
volume divided by the original volume.?* Because 


s is small and is a slowly varying function of x, we 
then have 


+(1/C*)(0°&/at?) + (a6/ax)[(d/dx) InS] 


+ (0°&/dx*)=0. (117) 


This can be written in the more familiar form,?? 


(@&/ dt?) — C?(db/dx)[(0/dx) (In) ] 


— C2(9*b/dx2) =0. (118) 


n= 2, m= 


Fic. 8. Various modes of vibration of a stretched circular 
membrane; is the order of the Bessel function of the 
first kind and m is the number of the root of Jn(x) =0. 


26 Reference 3, first article. 

27 The difference in sign between Eqs. (117) and (118) is 
explained by the fact that it depends upon which definition 
of @ is used, namely, u=-+(0@/dx), or u= —(d@/dx). 
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This is the equation of continuity for the acoustic 
horn.”8 

Consider the case of a horn whose cross- 
sectional area is given by the relation S=Sox™, 
where m is the so-called flaring constant. Then 


InS=InSo+m Inx, 
and 


(d/dx) InS=m/x. 


Then the equation of continuity, Eq. (118), for 
this case becomes 


(0° /dx?) + (m/x) (A&/dx) 
— (1/C*)(@@/at?)=0. (119) 


As has been done before, let us assume that 
&=y cos(RkCt), (120) 


which will eliminate the variation of & with time. 
Then, dividing by cos(kCt), we obtain 


(0°y/dx?) + (m/x)(dy/dx)+k?y=0. (121) 


This would be the Bessel equation were it not for 
the m that multiplies the first derivative of y. 
Perhaps there is some means of eliminating this 
multiplier. Let us try the substitution” 


y=ax-P, (122) 


When this is done and the result is multiplied 
throughout by x?, we get 


(0?2z/dx?) +[(m — 2P)/x ](dz/dx) 
+[k?+(P?+P—Pm)/x?]z=0. (123) 


If now we assume that m—2P =1, or P=3(m—1), 
the familiar form of the Bessel equation results. 
This is a valid assumption since P is an arbitrary 
quantity which may be defined as we please. 
Also, on substituting m =1+2P into the quantity 
P?+P—Pm, we get the form of the Bessel equa- 
tion shown in Eq. (20), namely, 


P?+P—Pm=-—P?, . (124) 
giving 
(0?z/dx?) + (1/x) (d2/dx) 
+k? —(P?/x?)]z=0. (125) 
The solution for this is 
2=AHp'(kx) +BHp*(kx). (126) 


28H. F. Olson and F. Massa, A pplied acoustics (Blackis- 
ton, 1934), p. 45. 
_ * The development is somewhat analogous to that given 
in reference 25, but the notation is different. See also 
reference 3. 
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Substituting back into Eqs. (122) and (120) gives 


&=2x-? coskCt 
=(1/x?)[AHp'(kx)+BHp?(kx) ]coskCt. (127) 


When P= —3, so that m=0 [see Eq. (124) ], 
the horn reduces to a cylinder, since S=Sox° 
=S)=const. When m= 1 the horn becomes para- 
bolic, which can be seen as follows. We have 
S=rr*, where r is the radius of a cross section at 
distance x from the throat, and S)=a?, where a 
is the radius of the throat. Therefore, rr? = 1a?x, 
or 7?=a?x, which is the equation of a parabola. 
If m= 2, the horn takes the shape of a cone, since 
ar? =7a’x", or r=ax. 

The quantity Hp'(kx)+Hp*(kx) represents an 
expanding wave traveling in the positive x direc- 
tion and a converging wave traveling in the 
negative x direction. The first of these waves 
corresponds to that set up by the vibrating 
diaphragm at the throat of the horn, while the 
second corresponds to the wave reflected from the 
open end of the horn. If the horn is very long, the 
reflected wave becomes of negligible importance. 

Excess pressure and particle velocity can be 
found now that the solution for ® is known. 


11. Waves in a Liquid 


Consider a circular tank*® of radius a, filled 
with a homogeneous liquid to a depth h. Suppose 
that the surface of the liquid is free and, in its 
undisturbed state, in the plane at z=0. Let us 
consider only a condition of irrotational wave 
motion. Analysis of the system will be much 
easier if cylindrical coordinates are used. Re- 
ferring to the wave equation given in rectangular 
coordinates, 


&b/a2 = C2V®, (128) 


we see that in cylindrical coordinates this be- 
comes 


— (1/C?) (@&/dt*) + (0°&/dr*) 
+ (1/r) (Ab/dr) + (1/r") (0°b/06") 
+ (9b/dz2)=0. (129) 


The boundary conditions may be determined by 
inspection. At the bottom of the tank, at z= —h, 


a¢/dz=0. (130) 


Further, at the circumference of the tank, at 
30 Reference 23, p. 111. 
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r=a, 


a¢/ar=0. (131) 


Let us now attempt to formulate a solution and 
then test it to learn whether the choice was 
justified. Let us assume that 


=U cos(kCt), (132) 
where U is independent of time; let! 
U=V cos(n6), (133) 


where V is independent of 6. Substitution of 
Eqs. (132) and (133) in Eq. (129) gives 
(8? V/dr?) + (1/r) (8 V/dr) + (0? V/d2") 
+k? —(n?/r?)]V=0. - (134) 
We must choose a function that satisfies the 
boundary condition given by Eq. (130). Try 
V= Web® —e~L(sth)) ; 
where W is independent of z, or, which is the 
same thing, 
V=W cosh[L(z+h) ]. 
When z= —h, Eq. (130) is satisfied. 
Substitution of Eq. (135) in Eq. (134) gives 
(0? W/dr*) + (1/r) (8W/dr) 
+[L?+k?—(n*/r?)]W=0. (136) 


Let M?=L?+-k?; then the solution to Eq. (136) 
can be written 


(135) 


W=AJ,(Mr). (137) 


Stating Eq. (137) in terms of the original variable, 
we get 


&=AJ,(Mr) cos(né) 
Xcosh[L(z+h)] cos(kCt). (138) 


Since the surface of the liquid is free, gravity 
will be the only force acting on it. The equation 
of the surface is then 


(8°@/dt*) +G(db/d2z) =0. (139) 


Neglecting small second-order effects, and re- 
membering that z=0 at the surface, we obtain by 
substituting Eq. (138) in Eq. (139), 


—k*C* cosh(Lk) +GL sinh(Lh)=0, (140) 


%t The treatment of this problem given in reference 23, 
p. 111, appears to be in error. This treatment uses sin(6) 
which, if 2 were zero, would make ® zero no matter what 
the other conditions. 


or 
kC=w=+([GL tanh(Lh) }}. 


Also, m must be an integer so that will be single 
valued. Using the plus or minus value for w, we 
have 


= U(c, coswt+ce sinwt). 


But, because at =0, 6=0, ci must be equal to 
zero. In the event the initial surface is not at rest, 
it will be necessary to expand through the use of 
Bessel integrals, just as Fourier expansion is 
accomplished.” 

Suppose 7 =0; then Eq. (138) becomes 


@=AJo(Mr) coshLL(z+h)]sinwt. (141) 


Equation (131) requires that Jo’(Ma) =0. Letting 
d be the root of this equation, we have Ma=\, or 
M=y/a; hence 


=A J)[(d/a)r] coshLL(z+A) ] sinwt, 


and 


(142) 


f=o/2x=[GL tanh(Lh) ]/2z. 


Here L, k and M are expressed in units of 
reciprocal length, so that Lh is a pure number and 
f is expressed in cycles per second. 


12. Triode Vacuum Tube 


Suppose the relation between plate current J, 
and grid voltage E, in an ordinary triode is* 


I,=A exp(BE,), (143) 


where A and B are constants. Let us assume that 
a sinoidal voltage is applied to the grid; that is, 
let E, = Ep coswt. 

To find the average and rms values of alter- 
nating plate current, consider the following de- 
velopment. We have 


Ih,=A exp(BE, coswt), (144) 
and 
2r/w 


In = (o/2n) f Idi. (145) 


The limits of integration are in time units, since 
2r/w=1/f=T. 
Transforming the limits from time to angular 


#R. V. Churchill, Fourier series and boundary value 
problems (McGraw-Hill, 1941), p. 162. 
33 Reference 25, p. 105. 
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_ TABLE IV. Ratio of amplitudes of side-band components 
in. a phase-modulated wave to amplitude A, for two 


Site Relative amplitude of side band 
enauier Frequency Mp=0.5 rad Mp =4 rad 
0 fe 0.938 —0.400 
1 fexfe .242 — 0.066 
2 fexe2f. .030 —0.354 
3 fet3f, .002 0.43 
4 fet4 fs 0001 281 
5 fet She oe .132 
6 fc+6f, -049 
7 feTf .015 
Rg fe%8fs _ .004 
9 fo£9fe .0009 
10 fet10f. .0001 











units gives 





In = (A/2n) f exp(BE,) cos@)dé. 
0 








But the average value over a whole cycle (0 to 27) 
is twice that over a half-cycle (0 to 7); hence, 














In =(A in) f exp(BE, cos#)dé. (146) 
0 





Now in Eq. (75) put P=0 and note that 
cos(x cos#) = 7 exp(+x cos#); also, from Eq. 
(91), Jo(jx) =jIo(x); then, remembering that 
T'(3) = (2)!, we have, 

















To(x) = (1/x) f exp(+xcos@)d@, (147) 
0 








which yields 











Im =AIo(BEo). (148) 


To find the rms value, we have 











Lina? = (o/2n) f I,°dt 
0 





=(A?* nf exp(2BEo cos6)d@ 
0 





=A*J)(2BE,). (149) 





Hence 





Iems= A[Io(2BE») }}. (150) 











13. Frequency Modulation 





Another application of the Bessel functions 
which employs some of the special properties is 











that found in the analysis of the frequency- 
modulated radio wave. In this type of transmis- 
sion two possibilities present themselves—fre- 
quency modulation and phase modulation. Con- 
sider the equation for a carrier: 


E.=A sin(wt+8), 


where @ is the phase. Suppose the frequency is to 
be modulated as indicated by the equation 


E=A sin[(wt+ M; sinBi) +6], (151) 


where M; is the modulation index, that is, the 
ratio of the change in frequency to the modulating 


frequency. If the phase angle is modulated, the 
relation is 


E=A sin[ot+(0+M,sinBé)], (152) 


where M, is the phase-modulation index and is 
simply the maximum number of radians that the 
phase is shifted. This can be written, 


E=A sin(wt+ M, sinBt+48), (153) 


which is the same.thing as frequency modulation. 
Hence, the major difference between frequency 
and phase modulation is in the method of ob- 
taining the result, the latter being the same in 
both cases. It is not the purpose of this paper to 
discuss the technical details of any system, but 
to show the application of Bessel functions to the 
problem in general.*4 

By expanding Eq. (153), first setting @ equal to 
zero for simplicity, we can see that this equation 
is of the type that lends itself to analysis by 
Bessel functions. We have* 


E=A sin(wt+ M, sinB?) 
=A sin(wt) cos(M, sinBt) 
+A cos(wt) sin(M, sinBt). (154) 
From Eggs. (54) and (53), we find that 
sin(M, sinBt) = 2[J:(M,) sinBt 
+J3(M,) sin3Bi+J;(M,) sinSBi+---], (155) 
and 
cos(M, sinBt) = Jo(M,) 
+2[J2(M,) cos2Bi 
+J,(M,) cos4Bt+---], (156) 


3% A. Hund, Frequency modulation (McGraw-Hill, 1942), 
pp. 115-135. 
35 See Sec. 7, first article. 
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3) 


54) 


55) 


56) 


42), 











which give, on substitution in Eq. (154) 6 


E=A{Jo(M,) sinwt+J(M,) 
X [sin(w+B)t—sin(w—B)t] 
+J2(M,)[sin(w+2B)t+sin(w—2B)t] 
+J3(M,)[sin(#+3B)t—sin(w—3B)t] 
4+++4+Jy(M,>)[sin(wo+nB)t 
+(—1)"sin(o—nB)t]}. (157) 


This equation shows that there are an infinite 
number of side bands for a single modulating fre- 
quency but that the amplitude of these side bands 
diminishes rapidly. Unlike amplitude modulation, 
the amplitude of the carrier is affected by the 
degree of modulation ; hence, the power contained 
in the carrier may become very small for large 
values of M,. Table IV gives an indication of the 
importance of the modulation index. 

As can be seen from the table, if , is equal to 
0.5 rad, side bands higher than the second are not 
important ; and for M, equal to 4 rad, side bands 
higher than the sixth can be neglected. The minus 
signs appearing in the last column represent 
phase shifts of 180°. 

The side-band power is obtained through a 
reduction in carrier power. This is shown through 
the use of the identity 


Ie(@)+2 D Ine) =1, (158) 

n=1 
which holds for all values of x. Hence, if any side 
bands are present, the power contained in the 
carrier wave will be reduced from the value that 
it would have if M, were equal to zero [Jo(0) = 1, 


Fic. 9. TMo electromagnetic wave traveling down a 
cylindrical pipe. If ¢ and x in Eqs. (178) are fixed, EZ, and He 
vary from zero to a maximum and back to zero, and E, 
varies from a maximum to zero as r varies from zero to a. 


36W. L. Everitt, ‘Frequency modulation,” Elec. Eng. 
59, 613 (1940). 
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J,(0) =0]. If only a certain number of side bands 
are to be considered as important, it can be 
shown that little power is added by those side 
bands higher than the important ones. Consider 
the expression 


IP(e)+2D I(x) ZA, (159) 
n=1 
where A is a number less than one. Suppose that 
for M,=4 (Table IV), we consider the first six 
side bands to be of importance. Then Eq. (159) 
becomes 


ToX(4) +2°F J,2(4) =0.157688 
+2(0.004356-+0.132569+0.185072 
+0.079017 +0.017450 

+0.002411) =0.999438. (160) 


All the side bands beyond the sixth would con- 
tribute 1—0.999438, or 0.0562 percent, of the 
energy. Since the power contained in the entire 
spectrum is constant, frequency modulation has 
an advantage other than the much talked of 
“high fidelity’’ over the amplitude-modulated 
system, in which the power depends on the 
degree of modulation.*’ 


14. Electromagnetic Waves in Cylindrical Pipes 


Let us assume that a wave is traveling in the x 
direction with a propagation constant y and that 
the electric and magnetic fields have the form**® 


E=A exp(jwt—yx), (161) 
H=B exp(jwt—yx). (162) 


The wave equations for the x components of E 
and H may be derived? by a procedure similar to 
that given in reference 38, pp. 179 and 180. These 
equations are 


(d?E,/dr?) + (1/r) (@E,/dr) 
+(1/r*)(@°E,/d8*) = (jopf—y*)E. (163) 





37 For a more complete discussion of the theory and 
practice of frequency modulation, the literature on the 
subject should be consulted. See, for instance, L. J. 
Giacoletto, “‘Generalized theory of multi-toned amplitude 
and frequency modulation,” Proc. IRE 35, 694 (1947). 
An interesting controversy on this subject took place in 
the form of correspondence “egy d in Proc. IRE, as 


follows: A. Hund, 32, 572 (1944); D. L. Jaffe and D. Pol- 
lack, 33, 200 (1945); A. Hund, 33, 487 (1945). 

38 R, I. Sarbacher and W. A. Edson, Hyper and ultra high 
frequency engineering (Wiley, 1943), Chap. 7. 
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and 


(6?H,/dr?) + (1/r) (0H-/dr) 
+(1/r*) (0°H,/d8*) = (jwut —y’) Hz, 


ductivity, permeability and dielectric constants 
of the medium expressed in mks units; and ® 
and 7 are the space variables in cylindrical co- 
ordinates. 

The r and ® components of E and H are’ 


(164) 


where {=o0+jwe, and o, uw and e are the con- 


E,=1/(jwps —y*)(y(9E./dr) + (jou/r) (0H. /d®) ], 
Ex=1/ (jong —’)L(y/r) (0E./d®) — jou(9H/dr) ], 
H, =1/(jous —’)L—(v/r) (0E./0%) +(0H2/dr) J, 


(165) 
(166) 
(167) 


He =1/(jops —*)(¢(0E:/8r) + (y/r) (0H. /0®) ]. 


Let us find the solution to Eq. (163) by the 
same procedure used in previous sections. It 
would be possible to use another method, but for 
the sake of consistency, with the risk of be- 
coming monotonous, we shall adhere to past 
practices. First it is necessary to eliminate 
variations of E, with respect to @ by making the 
well-tried substitution, 


E,=E,/ cosn®. 
Equation (164) then becomes 
(0°E,’/dr?) + (1/r) (0E,’/dr) 
— (n?/r) Ey’ = (jong —y)E,’, 


(169) 


(170) 
or 
(0°E,’/dr*) + (1/r) (0E,’/dr) 
+[y? — jops —(n?/r) ]E,’=0. (171) 
This is a familiar form of the Bessel differential 
equation, in which k? = y*— jwyf. 
The general solution of Eq. (167) is 
E,/ =C,Jn(kr) +C2Y,(kr). 
The complete solution of Eq. (163) is then 
E,=A cosn®[CiJn(kr) +C2Yn(kr) | 
Xexp(jwt— yx). 


(172) 


(173) 


E,=0, 


(168) 


By a similar process, Eq. (164) can be solved for 
H,. This solution is 


H.=B cosn®[C3J,(kr) +CaY,(kr) | 


Xexp(jwt—yx). (174) 


In actual practice the pipe through which the 
electromagnetic wave is to be transmitted is 
made of a good conductor such as copper (usually 
silver plated) and the medium enclosed by the 
pipe is dry air or some inert gas such as nitrogen. 
In this case {= jwe, because the conductivity for 
the enclosed medium is zero. The constant in the 
Bessel equation then becomes k?=~y?+wye. 
Furthermore, since Y, becomes infinite for small 
values of kr, C2 and C, in Eqs. (173) and (174) 
must be zero. In addition, since the pipe is an 
excellent conductor, E, and Es must be zero at 
the surface of the pipe, where 7 equals the radius 
a of the pipe. This latter condition can be met by 
two wave configurations, one having a transverse 
electric wave (E, and Es components) or one 
having a transverse magnetic wave (H, and Hs 
components). From Eqs. (165) to (168) these 
field configurations can be written: 


E,= — (jwp/rk*)(0H,/d&) exp(jwt— yx), 


TE waves 


Ee = (jwu/k*)(0H./dr) exp(jot—yx), 


H.=B cosn®J,(kr) exp(jwt—yx), 
r= — (y/k*)(0H./dr) exp(jut—yx), 
He= — (y/rk*)(0H,z/d®) exp(jwt — yx) ; 


H,=0, 


H, = (jwe/rk*) (0E,/d&) exp(jwt —yx), 


TM waves 


He= — (jwe/k*)(9E,/dr) exp(jwt—yx), 


E,=A cosn?J,(kr) exp(jwt—yx), 
E, = — (y/k*)(9E;/dr) exp(jot—yx), 
Es= — (y/rk?)(0E2/d®) exp(jut — yx). 





THE LOGIC OF QUANTA 


Considering the transverse magnetic configura- 
tion, we find that E,=0 at r=a. But, for this to 
be the case, J,(ak) must be equal to zero. This is 
possible only at the roots of J,,(ak). Therefore, ak 
must equal one of the roots of the Bessel function 
of the mth order; that is ak =Ram, where Rum is 
the mth root of the mth order. For example, from 


H,=0, 
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Table II, Res=11.6. Since k=(y?+w*ye)?, then 
a(y?+wpe)t= Ram, OF Yam=(L(Ram/a@)?—wye |}. 
The subscript mm attached to y designates that 
this is the propagation constant associated 
with Ram. 

Expanding Eqs. (176), we obtain the transverse 
magnetic mode. Thus, 


r= — jA (nwe/k?r) sinndJ,(kr) exp(jot — yx), 


k=R,,./@, 


Ha = — jA (we/k*) cosn®[ (n/r) In(kr) —RInar(kr) | exp(jwt—yx), } 


E,=A cosn®J,(kr) exp(jwt—yx), 


ie =— jA (Ynm/R?) cosn®[_(n/r)Jn(kr) = RIniilkr) | exp (jut — x) . 
Ee= jA (Y¥nmn/rk?*) sinn®J,,(Rr) exp (jut = yx) E 


Consider the situation that arises when 7=0 and m=1. This is known as the TMo; wave. Substi- 


tution of these values in Eqs. (177) gives 


| H,.=H,=E,=0, 
| E,=AJo(kr) exp(jwt— yx), 


TMor) E,= $A (yi/k)Ji(Rr) exp (jt —¥2), | 


(178) 


He = jA (we/k)Ji(kr) exp(jwt—yx), | 


k=2.4/a. 


) 


It will be seen that this is a wave having magnetic field only in the ® direction and with an 
electric field inclined to the x-axis so as to give E, and E, components. This situation is depicted in 
Fig. 9. Furthermore, E, and E, are 90° out of phase, as indicated by 7 multiplying E,; and £, 


and Hg are in phase. 


A great deal more can be learned from these equations, but space does not permit elaboration 


here.®9 


39 Reference 38, Chap. 7, Secs. 8 and 14. 
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IV. The General Pattern of the Quantum Theory 


N the first part of this paper I spoke some- 
times of quantum mechanics, sometimes of the 
quantum theory. This was not cone haphazardly, 
as if the two expressions were used synonymously. 
By ‘quantum theory’ I mean the whole of the 
modern theory, using ‘theory’ as in Sec. II. By 
‘quantum mechanics’ I mean the schema or 
calculus, the construction of which was begun by 


* Continued from Am. J. Physics 15, 397 (1947). 


Schrédinger and Heisenberg. This section con- 
tains a brief statement of what I believe is the 
gist of the philosophical description of the 
quantum theory attempted in the next two 
sections. Here are the main points. (i) Quantum 
mechanics, a distribution-process schema, is not 
the whole schema of the quantum theory, but 
merely a part of it. For reasons that will soon be 
apparent I shall call it the second schema (JJ). 
(ii) The other part, referred to as the first 
schema (J), is a statistical modification of the 





498 


semiclassical particle schema. (iii) Schema J pre- 
serves fully the particle feature but, being statis- 
tical, has no processes and, of course, no orbits. 
(iv) The relation between J and JI is formally 
the same as that between the empirical con- 
structs of a theory, as we have so far known it, 
and its schema. In other words, the relation is 
established by coordinating terms of JJ to terms 
of J, or—this is but another way of saying the 
same thing—interpreting JI in terms of J. The 
only difference between this procedure and that 
of establishing coordinating definitions is that 
the latter relate empirical constructs to terms of 
a schema, while here two schemas are involved. 
The last point is in my opinion the crucial 
one. It is, at any rate, the crucial point of the 
present analysis. According to this view the 
pattern of the quantum theory looks like this: 


Empirical Constructs—>Schema J—Schema JJ. 


All theories we have so far known follow the 
simpler pattern : 


Empirical Constructs—Schema. 


The complexity of the first pattern is some- 
thing radically new. It is, I believe, at the very 
root of the philosophical puzzlement the new 
theory has produced. If this is true, then the 
puzzles should all disappear after the new pat- 
tern has once been recognized; it should be 
possible to eliminate all apparent paradoxes from 
our formulations and to identify our initial 
bewilderment as a psychological and, perhaps, 
esthetic reaction to the novelty of the pattern. 
This, I submit, is so. Nor is it particularly diffi- 
cult to see, in a general manner, how the 
“philosophical” problems are made to disappear. 
Each of the two schemas may have features 
that are very different from, or even incom- 
patible with, some of the other schemas. Since 
there are two schemas—one piled upon the other, 
as it were—this causes no difficulty. Assume, for 
instance, that J is a standard mechanical model 
and JI a field schema of the classical kind, such 
as Maxwell’s. (Actually things are much more 
complicated.) Even in this case we would not 
have to say, as some propose, that we apply 
sometimes a particle and sometimes a wave 
interpretation or, even worse, that ultimate 
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physical reality unites in some mysterious fashion 
these two incompatible features. 

One sees by now that it is rather misleading to 
speak of J and JJ as parts of one schema. Since 
we are faced with a three-level theory, not with 
the usual two-level pattern, it is preferable to 
say that the theory has two schemas such that 
the one (J) is the interpretation of the other (JJ) 
and such that only the first one is directly coordi- 
nated to the empirical constructs. With the two 
schemas thus clearly separated and with the 
help of the distinctions proposed in the first 
part of this paper, the “allocation of features” 
proceeds more conveniently, less ambiguously, 
and with greater detail. 

It has been said, for instance, that the modern 
theory has statistical as well as deterministic 
aspects; in our terms, J is a statistical schema, 
II the schema of a process. But we can add that 
the new theory is statistical in that JJ isa schema 
of distributions, and is mechanistic in the sense 
that I is a schema of particles. (That mechanism 
and determinism are not always clearly distin- 
guished has been seen in Sec. II.) To touch upon 
one more point, one sees clearly how JJ, though 
not itself a particle schema, preserves some of 
the traits of the particle. The connection be- 
tween I and JI is such that certain structural 
and numerical constants of J—the number of 
particles, their masses and charges—enter as 
structural and numerical constants into schema 
IT; so does, in a more complicated manner, the 
kind of the particles—electron, photon, and so 
on. By and large this allocation of features is an 
easy task. I shall return to it briefly in the last 
section. 

In one of the preceding paragraphs I remarked 
that certain dissatisfactions with the modern 
theory are psychological and esthetic, rather 
than indicative of genuine philosophical diff- 
culties. Unless one is very explicit a remark of 
this kind is almost certain to be misunderstood. 
I did not deny and do not mean to deny that 
such dissatisfactions may lead to the construc- 
tion of new theories that are more satisfactory— 
in this respect as well as in others that are less 
elusive. That has happened in the past and may 
happen again. To achieve such progress is the 
privilege and burden of the scientist; the phi- 
losopher’s task, as positivists conceive it, is 
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merely to exhibit the logical structure of the 
theories as he actually finds them. To use Reichen- 
bach’s suggestive terms, the philosopher’s con- 
cern is with the context of justification, not, as 
the psychologist’s and historian’s, with the con- 
text of discovery. 


To give one illustration of this difference, in the latter 
context de Broglie’s models and derivations are of prime 
importance, in the former they can at present be safely 
omitted. The same is true of the correspondence principle 
and some other topics that are very popular in most 
“philosophical”’ treatments of the quantum theory. But 
some seem to believe that logical analysis obstructs the 
progress of science. More or less politely expressed, this was 
the opinion of the physicists who opposed Mach’s interpre- 
tation of the classical particles; it is now the opinion of 
those who oppose positivistic interpretations of the quan- 
tum theory. Such critics are likely to reject the present 
attempt as the very extreme of positivistic scholasticism; 
but they also consider Reichenbach’s ideas, as well as those 
Margenau expressed in several articles on our subject, as 
“too positivistic.” Apparently these critics feel that 
scientists are challenged by the ‘“‘philosophical’’ problems 
they encounter when they take their schemas to be pictures 
of reality, while there is danger that efforts may slacken in 
the face of “‘merely”’ psychological and esthetic dissatisfac- 
tions. As a generalization about the motivation of scientists 
this is doubtful, to say the least. Besides, there is evidence 
that unquestionable scientific progress has sometimes ac- 
companied logical analysis of the positivistic type. 


In the case of the modern quantum theory the 
logical complexity of the three-level pattern—as 
distinguished from the mathematical complexity 
of the apparatus, which is merely a matter of 
technic—is most intriguing. I am sure physicists 
will not easily be kept from attempts to replace 
it by the older and simpler pattern. Perhaps this 
is what will happen after we have turned the 
next corner. All we know for certain, or as 
certainly as we know anything in science, is that 
such a future theory could not be a particle 
theory of the classical type. On the other hand, 
the present theory has met with plenty of non- 
philosophical difficulties, particularly when the 
attempt was made to formulate it so that it 
becomes consistent with the theory of relativity. 
As far as I know, these difficulties have come to 
a head in the quantum theory of electromagnetic 
fields. So it is perhaps significant that this is 
also the only part of the theory where the three- 
level analysis does not quite fit its actual logical 
structure. For, as Dirac has shown, the electro- 
magnetic field in a vacuum can be quantized 
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directly. The connection between the field vectors, 
which are empirical constructs, and schema JJ 
can be established without mediation by the 
first schema. But then, in the crucial applications 
one knows of the field only by its interaction with 
particles whose positions and momentums one 
computes, from empirical constructs, by means 
of schema J. This will become clear in Sec. VI, 
the present section being merely a sort of pre- 
view and, therefore, the proper place for state- 
ments of a more general nature. 

I turn now to the actual description of the 
theory. In the course of this description I shall 
give reasons, other than the philosophical ones 
so far mentioned, why I must be interpolated 
between JZ and the empirical constructs and 
why, on the other hand, J and JJ should not 
be considered as parts of one schema. 


V. The Quantum Mechanical Schema 


The account of the Newtonian schema in 
Sec. II is so abstract that one need not even 
know what a differential equation is in order to 
understand it. Yet I am as skeptical as anyone as 
to how much a person who knows no mathe- 
matics and physics at all could benefit from my 
account. The point is, rather, that those who do 
have some background find such abstractions 
useful and even necessary for the philosophical 
analysis of science. Now I must try to give a 
similarly abstract account of the quantum- 
mechanical schema. 

The task is difficult, for the mathematical 
apparatus is very complex. As far as it was known 
at all, it was until relatively recently the almost 
exclusive possession of mathematical specialists. 
So I shall simplify and omit wherever simplifica- 
tion and omission do not appear to'affect the 
relevant logical structure. I realize, of course, 
that I do this at my own risk. For instance, I shall 
not attempt to describe the schema in its full 
mathematical generality, but shall restrict my- 
self to what is known as the Schrédinger repre- 
sentation. As far as the physical material is 
concerned, I shall limit myself to the problem 
of ~ bodies with 6n degrees of freedom. Spin, 
for instance, will be completely ignored. 

Like all schemas this one, too, requires that its 
functions (or other mathematical entities) fulfill 
certain mathematical conditions. The members 
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of the class our schema considers—we need not 
bother to specify the conditions—are called 
y-functions or, for short, ~’s. What are the 
systems, the states, and the processes of the 
schema? The most fundamental characteristic 
of a system is a certain integer, 2. Since all y’s 
that occur in its definitions and in its states 
are, in principle, functions of a variables, 
W(x1, X2, +++, Xn), # may be called the number of 
variables of the system. I shall describe a system 
of ” variables. 

A system is, by definition, a subclass S of the 
class of ’s (with ” variables). The members of S 
are called the eigenfunctions ‘“‘of’’ the system. 
But not every class of p’s is a system. 

A class is a system if and only if its members 
stand in certain mathematical relations to a func- 
tion of 2” variables H({1, f2, +++, fn) m1) ***) Mn)- 
So one could say that a system, while it is a 
class of ’s, is determined by an H. The function 
H itself is not a y but, at least for all we need to 
know, quite arbitrary. Later on we shall see that 
it plays the decisive role in the coordination of 
IT to I. 

A state is, by definition, a y. In other words, 
except for the restriction in the number of 
variables, which I shall no longer bother to 
repeat, every y is a possible state of every system. 
Just as a system, while it is a class of y’s, is 
determined by an H, so each y, which is the 
state, determines another mathematical entity. 
This entity—call it D,—is an ordered set of x 
distributions Lei(f1), v2(fs), SF %e Pn(En) |. Though 
it is not quite accurate, it will suffice for our 
purposes to say that, conversely, each D, de- 
termines a y. In other words, there is a set of 
rules R that coordinates to each y one D,, and 
conversely. In this sense, a state is an ordered 
set of distributions and the schema, therefore, a 
distribution schema. 

The process formula, known as the time- 
dependent Schrédinger equation, follows the 
familiar pattern. Take a state y and consider it 
as the state y° (or D,°) of the “system H”’ at 
the time 0; then there is a formula that coordi- 
nates to each value ¢ of the time parameter one 
and only one state y‘ (or D,'‘), so that the class 
of these states, the process, is the process of all 
of its states. The process formula depends on 
the function H, for otherwise there would be no 
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point in calling y* a state of the system. This is 
the bare skeleton of the schema. Some elabora- 
tion is necessary. 

(1) Every D, determines in one and only 
one way a new entity Da», an ordered set 
of 2m distributions [¢i(f1), ---, gn(fn), Gn41(m1), 

-+, @2n(nn) |, so that the following is the case. 
Call g; and gn4; canonically conjugate distribu- 
tions, ¢; and 7; canonically conjugate variables. 
Then Dany is determined by any of its subsets of 
n distributions, either in ¢ or in n, provided only 
that this subset contains a distribution for one 
of each pair of canonically conjugate variables. 
Thus one can also consider a state as a Dany. 
One merely has to remember that its 2” distri- 
bution functions are not independent ; ” properly 
chosen ones determine the remaining ones. 

(2) Each of the 2” distributions of a Dan) has 
an average or expectation value {;, 4; and a 
standard error Af;, An; It is a mathematical 
consequence of the rules R that for each 7 


Ag;-Ani2 h/An. (1) 


Each of the 2m distributions. may be either con- 
tinuous'* or discrete or partly continuous and 
partly discrete. If entirely discrete, it may, in 
particular, disappear in all points except one. 
Such a distribution will be called a one-value 
distribution. Let, for instance, ¢; be such a distri- 
bution with the value ¢:’. One has ¢:(f1’) =1, 
¢1’=1, Agti1=0. All the distributions of a D, may 
be one-value distributions, but no more than 
of the distributions in a Den) can be of this kind. 
For if two canonically conjugate distributions 
were both one-value distributions, the product 
of their standard errors would disappear. This 
is excluded by the inequality (1). 

(3) A set of distributions D, is something ve 
different from a set of values [f1', [2', +++, fn’ 5. 
Call such a set of values V,. But, on the oth 
hand, a V, can be considered as a very special D,, 
namely, the D, all of whose distributions are 
one-value distributions such that ¢,’ = §;. Further- 
more, since every D, determines a y, this special 
D,, also determines a y; call it y”" and consider 
it the y determined by V,. Clearly, the y” are 
of a special kind, since the {-distributions that 
belong to a y are, in the general case, not all 


-4 In the continuous case the ¢ is, properly sueting, ‘ 
distribution density. See reference 12, first article. 
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one-value distributions. All this is very im- 
portant; for, as will be seen presently, on the 
characteristic asymmetry of this state of affairs 
hinges the possibility of correlating, system by 
system, a statistical particle schema (in 2n 
variables) and a nonparticle distribution process 
(in m variables). So I shall repeat. A general y 
determines a D, (and a Doan), not a Vy. But each 
V,, determines a. This y, called y"*, is of a special 
kind; n of tts distributions are one-value distribu- 
tions whose values are, in the proper order, the 
values of V,. Take as an example the case n=2 
and assume that D, consists of a three-value and 
a two-value distribution : 


gif) =an, o1(f1") =arz, 
g2(Fo") = 21, 


g1(f1'"") = ars; 
g2(F2"") = aro. 


This D,—or its y—determines six possible V2, 
namely, Coy’, oe’), Lev”, ge", ee ifr. G2"). But 
not even the set of these six V_ determines y; 
there are still three degrees of freedom left, 
namely, the five ‘‘probabilities” a, subject to 
the two conditions Lai;=1, Lae;=1. Further- 
more, since identical y determine identical D, 
each of the six y”? determined by the six V2 is 
different from the original y. 
(4) Can schema JI be considered as the 
process schema of a particle ensemble, or an 
ensemble of particle configurations, in the sense 
of Src. III (3)? Assume, for instance, that n=3N. 
Then one may ask whether the 6/N distributions 
of Dan) could not be considered as characteristic 
of an ensemble in three-dimensional space so 
that each part configuration of the ensemble con- 
sists of N particles and so that 1(f1), --+, on(fn) 
ind gn4i(mi), ***, Gen(nn) are the distributions! 
pf the position and momentum coordinates £;, ni, 
respectively. The following two remarks show 
ryhy the answer to this question is negative. 

*(2) Let us remember that the part configura- 
sioris of an ensemble are, by definition, inde- 
pendent of one another. Hence, if the 6N distri- 
butions of the position-momentum coordinates 
are given, the distribution ¢, in 2 variables, of 
tine product £1°f2°+-na-1°ma is uniquely deter- 
mined." So it is natural to ask whether the rules 
*R can be made to yield a distribution ¢. The 


14 As has been pointed out in Sec. III (3), the determi- 
nateness of this product is a very essential component of 
the particle notion. 
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following is the case. The rules R can be formu- 
lated so as to yield directly distributions for some 
expressions in several of the variables ¢;, ;. But 
there are also some other such expressions to 
which, within the framework of the mathematical 
apparatus, no distributions can be assigned. The 
products of canonically conjugate variables and 
the products of these products are of this kind! 
Noteworthy as that is, in itself it is not pro- 
hibitive. For, if we do not get the expected ¢, we 
do not, at least, get another one. But the next 
difficulty is insurmountable. 

(6) Assume that each configuration consists 
of one particle (V=1, 2=3) and that each of the 
three distributions in D; is a four-value distri- 
bution. Then y determines 64 V3. If w were 
characteristic of an ensemble E of, say, M con- 
figurations, then E could be considered as the 
sum of 64 ensembles whose y’s are the respective 
y’s and whose size (/;) is determined by the 
probabilities in D;. By the sum of two ensembles 
E, and E; we mean the ensemble whose part 
configurations are the configurations of E, and 
those of E». It follows immediately that if E; is 
an ensemble of M, and E2 one of M, parts, and 
if 1, g2 and g are the distributions of any 
magnitude in £;, E2 and their sum, respectively, 
the relation 


M, MM, 


$1 
M+ M: 


———--f, 


M.,+M, © 


will obtain. Now we have seen that the ensemble 
supposedly characterized by y could always be 
considered as a sum. Therefore one would have 
in a self-explanatory symbolism, 


64 ; 
D= > pD":. 


i=1 


It is a consequence of the rules R that no such 
decomposition exists. Hence schema II cannot, in 
the manner indicated, be considered as the (partial) 
schema of a particle ensemble process. 

On the other hand, it is well known and we 
shall presently see that the distributions in Dan) 
are, in fact, “interpreted” as the probabilities 
for the positions and momentums of a particle 
(or particle configuration) in schema J. Conse- 
quently, in order to be consistent, it is necessary 
to understand ‘interpretation’ as I understand 
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it, namely, as the inverse of a coordination 
relation between two independent schemas. For 
to consider J and JJ as parts of one schema 
means, as far as I can see, one and only one 
thing: to consider JJ as a process in a particle 
ensemble. To say the same thing in language that 
is often employed in general expositions of the 
theory, it is very inaccurate and, strictly speak- 
ing, false to consider ¥ (or Dan) as a “pilot 
wave”’ that determines statistically the mechani- 
cal states of the particles in the manner in which, 
in the semiclassical theory, an electromagnetic 
magnitude is considered as the pilot wave for 
the positions of the photons. 

(5) To interpret a quantum-mechanical system 
as an ensemble of particles or particle configura- 
tions is one thing ; tostudy ensembles of quantum- 
mechanical systems is another. The first, we 
have just seen, cannot be done. The second is 
just another application of familiar statistical 
technics. Let me note for future reference that 
there are two kinds of such ensembles. In the 
first case, called pure, all the systems of the 
ensemble are in the same state y. In the second 
case, called mixed, one knows only the relative 
frequencies 6; of the systems in state y; within 
the ensemble. Clearly, the set [@:, ¥;] contains 
all the information we have about what one may 
call the state of the ensemble. By means of the 
mathematical apparatus this information can be 
conveniently condensed into a single entity, the 
so-called statistical operator. The following is the 
case. (i) From the statistical operator, one can 
always tell whether the ensemble is pure or 
mixed. (ii) If the (independent) systems of an 
ensemble undergo their processes, a pure ensemble 
remains pure. (iii) In any case, if the systems of 
an ensemble undergo their processes, determined 
by the H;, then the statistical operator, in its 
turn, also undergoes a process. The formula of 
this process is, of course, determined by the 6; 
and the Hj. 

A wy is a function (of a kind we have not 
bothered to specify) in m variables. I shall for 
the moment indicate the number of variables by 
a subscript. It is a consequence of the mathe- 
matical apparatus that if y, and y,, are states of 
their respective systems, their product Pa-Wm is a 
Vaim. It is, intuitively speaking, the y of a system 
“compounded” of two independent systems, 


. 


BERGMANN 


provided that one defines the H of the ‘‘com- 
pound system” so that each of the two ‘‘sub- 
systems” follow their own processes. In this 
sense it may be said that two independent 
subsystems uniquely determine their compound 
system. If, on the other hand, a system in n+m 
variables and one of its states is given, it is by 
no means obvious that it can in one and only 
one way be “broken up” into independent sub- 
systems of m and m variables, respectively. The 
following, however, is under certain conditions 
the case. (iv) Given an ensemble of systems in 
state Ynim, each system can be broken up into 
independent subsystems of states y, and Wm so 
that the ensembles E“ and E™ of the respective 
subsystems are mixed, while the ensemble E("t™ 
of the compound systems is pure. Again one may 
summarize this information by saying that a 
pure statistical operator can sometimes be broken 
up into two mixed ones. The expressions ‘sub- 
system,’ ‘compound system’ and ‘breaking up,’ 
which I have used in giving this account, should 
indicate that what happens is not the kind of 
decomposition that occurs if one puts some of 
the configurations of an ensemble in one class, 
some in another. What is being broken up is not 
the ensemble but each of its component systems. 

If one says that when we know its statistical 
operator we know all that can be known about an 
ensemble if it is pure, while we do not know it 
completely if it is mixed—since we do not know 
which system is in which state—then (iv) may 
be expressed, somewhat paradoxically, in the 
following manner : We may know a “system” com- 
pletely without completely knowing its ‘‘parts.”’ 
Elaboration of (ii), on the other hand, would 
show that if we know the “‘parts’’ completely, 
we also have complete knowledge of their “‘surn.”’ 
This is the way Schrédinger has expressed him- 
self in one of his philosophical papers.!* Of course, 
in this formulation ‘system,’ ‘part’ and ‘sum” are 
not used as they are ordinarily used in this 
paper. And what, in general, is the advantage of 
paradoxical formulations? 


VI. The First Schema and the Structure 
of the Theory 


(1) In Sec. III I said that in the later stages 
of the kinetic theory physics became a statistics 


% Naturwiss. 23, 806-12, 823-28, 844-49 (1935). 
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of particle ensembles and was thus no longer, 
strictly speaking, mechanistic. This statement 
needs some qualification. It is true that the 
decisive orbit feature of the classical model was 
abandoned for ensembles of molecules (or atoms) ; 
but it was maintained within the atom (and 
molecule). This state of development is marked 
by Rutherford’s conception of the atom as a 
planetary system. In his model the notion of 
orbit was preserved; so physical theory still 
appeared to be mechanistic and deterministic in 
principle. Nor did the use of statistical methods— 
or, as one usually says, the fact that the causality 
of the macrophenomena is but a result of the 
law of large numbers—cause many intellectual 
difficulties at that stage. So it was not fully 
appreciated at first how radical a step it was to 
abandon the orbit feature anywhere, even if only 
in the treatment of thermodynamic ensembles. 
Accordingly, since the old frame of reference 
still seemed essentially intact, we see Bohr and 
his collaborators cling to the notion of orbits, 
though they discarded the process formulas of 
classical mechanics in stating the first quantum 
conditions. This, of course, is the state of the 
Bohr-Rutherford atom and its successive re- 
finements. Einstein’s light-quantum hypothesis 
was more revolutionary. For the conception of 
the field acting as a statistical pilot wave for the 
positions of the photons has the structure of a 
particle ensemble process without orbits. On the 
other hand, the price Bohr had to pay for 
the preservation of orbits was high indeed. His 
famous jumps not only introduced a discon- 
tinuity that was incomprehensible in terms of 
classical mechanics, but they even seemed to 
eliminate and, as far as we know, actually have 
eliminated the possibility of any kind of process 
theory for the individual particles. 

Against the background of these remarks it is 
not difficult to clarify a term I have used before 
in several incidental comments. In speaking of 
the semiclassical schema | refer to the following 
tripartite frame of reference: (i) the ‘‘old” 
quantum theory with the Bohr-Rutherford model 
of the atom, (ii) Einstein’s interpretation of 
electromagnetic fields in terms of light quanta 
and (iii) the statistical conception of thermo- 
dynamics. The third component need not detain 
us. Its basic ideas have long been quite un- 


problematic, and the theory itself has not under- 
gone any recent changes sufficiently fundamental 
to engage the attention of the logical analyst.'* 
The first two aspects taken together constitute 
a particle schema and, in conjunction with their 
customary interpretation, what has been called 
a two-level theory. Now I must give reasons for 
my assertion that a modification of this theory 
has been preserved; that in the new theory this 
modification (schema J) has been supplemented, 
rather than replaced, by the quantum-mechanical 
calculus (schema JJ). The argument is twofold. 
Its first part proceeds along the lines of opera- 
tional analysis; the second part deals with the 
interpretation of schema JJ. 

(a) Like all worth while theories the semi- 
classical theory is quantitative and specific in 
the sense that measurement in specified experi- 
mental situations leads to the assignment of 
numerical values to some entities of its schema. 
One builds a piece of apparatus of specified 
dimensions, puts it into operation, and performs 
at the time ¢) certain measurements on it or, 
perhaps, reads some scales that have been built 
into it. One measures, for instance, intensities of 
electric currents, positions of spectral lines, loca- 
tions and breadths of rings on a photographic 
plate. This is our operational basis—the realm of 
empirical constructs. 

From this basis the old theory “‘infers’’ that 
at the moment ép!” one electron, or an ensemble 
of such, passed through a certain slit in our 
apparatus; and it also assigns a numerical value 
to the speed or, in the case of the ensemble, to 
the average speed of the particle at that moment. 
At another time one “infers’’ that the atoms 
emitting the light pass from one energy level to 
another; and again one assigns numerical values 
to these two levels. Whether the assignment 
reaches the individual particle or, perhaps, only 
statistical aggregates depends on the case and is 
altogether not a matter of very great importance. 

In either event, the basis of ‘‘inference’’ and 
assignment is threefold : empirical laws obtaining 
among empirical constructs; the model; the way 


16 Except, perhaps, the logical connection between the 
introduction of the new statistics and the abandoning of 
orbits. See also the remark on the Pauli principle in 
SEc. II (3). 

17 Or at an earlier moment. That depends, in a familiar 
manner, on the theory of the measuring process. 
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the former are coordinated to the latter. Also, the 
customary term ‘inference’ is very misleading. 
What goes on is not inference of the “indirectly 
observed” from the directly observable, but co- 
ordination according to the rules of a game. 
Schematically speaking, then, the semiclassical 
theory is to a very considerable extent a technic 
of coordinating to experimental situations such 
statements as ‘An electron had at time ¢; the 
speed 2.’ 

These coordinations have not been abandoned; 
nor has the technic, broadly speaking, been 
changed. If, for instance, an experiment has been 
described, in the old theory, as the collision of 
photons and electrons of numerically specified 
characteristics, it is still so described in the new 
theory. The decisive innovation lies in the technic 
of predicting other such ‘‘data of schema J”’ from 
those already ‘‘observed.”” The computation pro- 
ceeds no longer within J but, instead, by way 
of IZ; and it is, in principle, of a kind that makes 
this modification of J statistical with respect to 
the individual particle. 


Perhaps this is the best place for a purely psychological 
remark. Some people, impressed with the fact that so much 
of J is like the old schema, wish to conclude that its entities 
are really there, that they are, as I put it before, on the 
level of stones, trees and laboratory equipment. Some 
others, more impressed with the introduction of IJ and the 
differences between J and the old schema, consider the 
recent developments as evidence for the intellectual 
economy of a positivistic analysis. 


(6) In coordinating JJ to J two steps may be 
conveniently distinguished : coordination of sys- 
tems and coordination of states. Take, for in- 
stance, the particle configuration in J of which we 
speak as the hydrogen atom. What quantum- 
mechanical system S corresponds to this particle 
configuration? Which state of S corresponds to a 
given state of the particle configuration? Clearly, 
these are two different questions. To answer the 
second some preliminary remarks will be neces- 
sary; the first can be answered without further 
preparation. The particle configuration (hydro- 
gen atom) has in the classical theory a Hamil- 
tonian function H whose variables are canonically 
conjugate position-momentum coordinates of the 
component particles. We know from SEc. V that 
an H of this kind, considered as a mathematical 
entity, determines a quantum-mechanical sys- 
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tem S. This system S is coordinated to the 
hydrogen atom. Here the process formula of the 
semiclassical theory has entered the picture. 
Without it, we would not know how to compute 
the (statistical) predictions of J. There is thus a 
theoretical as well as an operational sense in 
which it may be said that the new theory modifies 
and supplements, rather than eliminates, the 
semiclassical model. 

(2) The coordination of states in JJ to states 
in J meets with a peculiar complication, first 
pointed out by Heisenberg, that is at the basis 
of some of the characteristic features of the new 
theory. To fix the ideas, let us assume that the 
system in J is an m-particle configuration. Then H 
becomes H(f1, -+-, n,m, °**,2n) with N=3n. 
As for the assignment of numerical values to the 
2N variables, Heisenberg recognized the full 
significance of the following fact. It is a conse- 
quence of certain empirical laws that even if 
absolutely accurate measurement were possible 
it would still be impossible to assign, within the 
semiclassical theory, numerical values to all 
the 2N coordinates of the configuration. The best 
one can do is this. Having computed that ¢; 
lies between two values ¢,/ and ¢,’’, so that 
d¢;= |¢’—¢,/|, one can also compute two values 
ni and ni’ with dyn;= |ni’—ni | , such that the 
value of the canonically conjugate variable 7; lies 
between 7,’ and 7,’’, and such that 


dg i-dniz h/4r. (2) 


Some comments are in order. First, the ex- 
pression ‘fact’ was chosen deliberately. The limi- 
tation expressed by (2) follows, within the old 
theory, from the well-known laws of diffraction. 
And empirical laws such as these are, in an 
obvious sense, matters of fact. Second, in view 
of Sec. I and in view of the formal similarity 
between inequalities (2) and (1) of Sec. V (2), 
it should be noticed that the intervals df; and 
dn; are “‘limits of assignment,”’ not limits of the 
accuracy of measurement. Nor are they standard 
errors, either of measurement or of anything 
else. Third, let us assume that df;=0 for 7=1, 2, 

--, N. It follows from (2) that dy;= 0. We 
know nothing about the values of the remaining 
N coordinates. For the purposes of logical 
analysis it is sufficient to consider this case. 
It is, in fact, the case best suited for this purpose. 
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The situation may be summarized in the 
following manner. We can in the old theory never 
assign a numerical state description [f1’, £2’, 
-++, mw’ ] to a configuration of I; but we can 
assign to it a half-state, say, for instance, [{1', £2’, 
+++, tw’ ]. To such half-states of I states of II are 
coordinated. This is the crucial idea of the co- 
ordination in the direction from I to II. To state 
the actual rule, we remember from Sec. V (3) 
that the set [{1’, 2’, «++, tw’ ] is a Vy, and that 
this Vy determines one and only one y, so that 
“its’’ ¢-distributions are one-value distributions 
with the values £1’, fs’, ---,{w’, respectively. 
This y—in Sec. V we called it y”"—is the state in 
II coordinated to the half-state of J. But it is 
well to remember that the 7-distributions of 
this y—the second half of its Don)—have no 
correlate in the first schema. Strictly speaking, 
I should have used different symbols for the ¢, 7 
of I and JJ. 

(3) So far we have dealt only with the coordi- 
nation of the systems and states of IJ, by way 
of J, to the empirical material. Now we must 
attend to the machinery of prediction. Assume 
an experimental situation that allows, as one 
usually says, for the observation of an individual 
particle or particle configuration. Assume, fur- 
thermore, the experimental set-up to realize the 
characteristic case, assignment of a precise half- 
state,® say [f1°, f2°, ---, ¢w°]. In other words, 
we know, as a result of our measurements, the 
half-state of J and the corresponding state y"¥ 
of JJ at the moment t=0. The task consists 
obviously in predicting the results of later meas- 
urements by assigning to the moment f; (t:>0) 
a state in JJ and either a precise half-state or 
state-limits compatible with inequality (2) in J. 
Here is the rule. One computes first, by means 
of the process formula of JJ, the state y(t;) 
determined by y”* considered as ¥(0). Neither 
the ¢-distributions nor the 7-distributions of this 
state nor any other N will, in general, be one- 
value distributions. Let g1(¢1), g2(f2), «+ +, gan(nw) 
be these distributions. Their interpretation in J is 
as follows. The system of J will at the time f; 
with the probability 1(f1’) - g2(¢a’) - - - gaw(nw’) be 
in the state [{1', fo’, ---, mw’ ]. 

Several things should be noticed. First, there 


=o determination of the ¢; within arbitrarily small 
limits, which amounts to the same thing; see reference 13. 


is a characteristic asymmetry between coordina- 
tion (from J to JJ) and interpretation (from II 
to I). That is how one manages to correlate, 
system by system, a process schema with a 
statistical schema. Second, there is no warrant 
for saying that the configuration of J is either 
in the state ¥/(¢,) or, perhaps, simultaneously and 
with the respective probabilities, in the statesy”, 
as we called them, which correspond uniquely, 
by coordination from I to IJ, to the several half- 
states in one of which it will probably be “when 
observed.” Any such statement, and all phi- 
losophizing or theorizing based upon it, fails to 
distinguish between J and JJ and leads, therefore, 
inevitably to confusion. Third, the assignment of 
probabilities to full states in J does not conflict 
with the limitation expressed by inequality (2). 
This limitation comes into play only when one 
wishes to test the prediction experimentally. 
Then one can either arrange the set-up so that 
the later measurements allow for the assignment 
of a precise half-state, or so that they yield state- 
limits. I shall deal with the two cases separately. 

(a) If one assigns at f; a precise half-state, 
say [f1, fo’, --+, tw’ ], then one is, according to 
inequality (2), unable to assign any value to 
the ;: The probability of making a measure- 
ment that indicates this half-state is, therefore, 
¢1(¢1') + g2(f2’) + - - ew(tw’) ; for the probability of 
an 7 having some value is 1. 

(b) Assume, next, £i, 9:, A¢i, Ani to be the 
averages and the standard errors of the distri- 
butions in the Dan) that belongs to W(t). It is a 
consequence of the interpretation of JJ, in con- 
junction with familiar theorems of statistics, 
that if one realizes the initial set-up many times, 
the values of ¢; and m at 4; will almost every 
time lie in the intervals ;-:aAf, and #:-:aAm, 
respectively, where a is a small integer. If, there- 
fore, our later measurements are of a nature 
that leads to a df; and a dy; such that df, = 2aAfi, 
dy, =2aAm, then the two coordinates lie ‘‘every 
time” in the properly located intervals. The last 
statement no longer looks like a statistical state- 
ment. But it is, of course, inaccurate or, rather, 
it is accurate only in the sense in which it is 
accurate to say that the entropy of a closed 
system never increases. Taking account of the 
similarity between inequalities (1) and (2), one 
could, with the same inaccuracy, describe this 
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state of affairs by saying that one predicts, not 
the probabilities of states in a statistical schema, 
but a state within a process, and that one does 
this within the limits of inequality (2) or, at 
least, of a small multiple thereof. 

Taken in conjunction with Sec. V (2) and 
some of the comments in the section on measure- 
ment, the last paragraph amounts to a logical 
analysis of the so-called Principle of Indeter- 
minacy. But this, I trust, is obvious. 


VII. Two Special Problems 


The two preceding sections contain what I take 
to be, for all philosophical purposes, a reasonably 
adequate description of the new theory. In 
Sec. IV I have indicated, in a general manner, 
how this description may be used to eliminate 
pseudoproblems. Several hints to the same effect 
have been scattered throughout the actual de- 
scription in Secs. V and VI. I shall conclude with 
a few more comments. They center around two 
questions of considerable generality and, there- 
fore, of some philosophical interest. The first 
concerns the well-known discontinuities of the 
quantum theory; part of what I shall say on 
the second is based on von Neumann’s analysis 
of the measuring process in the last chapter 
of his Mathematische Grundlagen der Quanten- 
mechantk. 

(1) Physicists who have read this far have 
probably wondered why I have tied my exposi- 
tion to the position-momentum coordinates. Per- 
haps they have also suspected that this almost 
studied neglect of the energy levels, which are 
in the physicist’s actual practice so much more 
important, would lead to distortion or outright 
misinterpretation of some of the most charac- 
teristic and, at the same time, most paradoxical 
features of the new theory. Such apprehensions 
are unwarranted. 

First, the position-momentum coordinates are 
the natural starting point for an attempt to 
clarify the fundamental or, if you please, phi- 
losophical issues. What is there at stake is, after 
all, the nature of the particle; and in this context 
the notion of energy is rather unimportant. For 
there could be a world—or schema—with par- 
ticles and orbits, but otherwise so constituted 
that we would never be led to attribute any 
significance to the energy construct. Second, the 
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approach chosen allows one to “get by” with a 
minimum of technical information which, as 
such, is of no interest to the philosopher. Third, 
while the characteristic discontinuities of the 
quantum theory are undoubtedly best brought 
out by the energy levels and, generally, by the 
jumps of the old theory and the eigenfunctions 
of the new, I shall now show that the present 
exposition yields at least a reasonably adequate 
view of this feature. 

Assume an experimental set-up in which we 
always determine precise half-states of a single 
particle or particle configuration. Inaccurately 
one might say that we assign, on the basis of 
measurements, the state ¥(0) to the particle at 
the time ¢o or, still more misleadingly, that we 
“‘observe” the particle in the state ¥(0). This 
state transforms itself with the lapse of time into 
the state Y(t) which, as likely as not, is one that 
we never ‘‘observe.”” For, it will be remembered, 
¥(0) is one of those special states that have NV 
one-value distributions, while y(¢) may or may 
not be such a state. If it is not, then what we 
“observe,” at the time ¢, with a certain proba- 
bility determined by the interpretation of y(¢) 
in I, is again the special y determined by a half- 
state. If things are stated in this manner, it 
looks as if the particle capriciously allowed itself 
to be ‘‘observed”’ only in some of its states. 

The dissolution of the apparent paradox is not 
difficult. Along purely logical lines, one must 
insist that a yw is not in any sense a state of a 
particle or particle configuration. To say that it is 
amounts to saying that a system of J is in a state 
of II. That is clearly nonsense. Furthermore, the 
apparent paradox is made possible by the charac- 
teristic asymmetry between coordination (from 
I to IJ) and interpretation (from JI to I). This 
asymmetry itself is easily understood; it is, as 
we have seen, an almost obvious consequence of 
the fact that of the two schemas correlated the 
one is statistical and the other a process. As long 
as one insists on coordinating individual systems 
to individual systems, I can think of no other 
way in which such correlation could be achieved. 
Along the lines of physical theory, this correlation 
implies indeed a restriction of the states in which 
the systems of I may be (not just ‘‘be observed’’) 
This, I fear, is not brought out too clearly by the 
description I have furnished. 
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Be that as it may, the restriction turns out to 
be equivalent to the quantum conditions of the 
old theory, according to which the particle con- 
figurations never are in some of the states in 
which they could be in classical mechanics. And 
not only is the restriction materially the same; 
one can, if one wishes, still so express it, though, 
of course, only in schema J. In other words, the 
quantum conditions impose no restrictions on 
the states of JJ, nor have they anything to do 
with limits of measurement. They are essentially 
a feature of schema J, which thus becomes a 
particle schema of discrete states and which is 
also, as a statistical schema, without orbits. 
From a philosopher’s vantage point this is rather 
satisfying. Continuity in the schemas of our 
theories is merely a convention and, moreover, 
a convention connected with the idea of orbits. 
So why should there be continuity without orbits 
or, as in the old theory (the unmodified schema I) 
orbits without continuity? 

(2) If one does not carefully distinguish be- 
tween J and JJ, the characteristic experimental 
situation which I have just discussed seems to 
exhibit yet another paradoxical feature. As long 
as it is not “observed,” a particle behaves de- 
terministically according to the process formula 
of IZ. Observation produces a discontinuity. The 
particle changes abruptly, according to a certain 
statistical distribution, into one of a class of 
distinguished states. Here we are at the very 
source of the thread from which the skein of 
spurious philosophical interpretation may be 
spun: one may be tempted to believe that the 
statistical feature of the new theory is due to the 
limits of measurement or, even more profoundly, 
to the inevitable subjectivity of all observation. To 
disentangle such a skein, one must first attempt a 
systematic and independent analysis of one’s 
own. This I have tried to do. But after the job 
has been done, it pays to look back in order to 
find out what has in the meantime become of the 
original tangles. This I shall do now, beginning 
with a more general consideration (a) and con- 
cluding with a more technical remark (0). 

(a) It will be noticed that the foregoing 
italicized sentence, which I have singled out as 
the source of all pseudoproblems, throws the 
weight—I almost feel like saying the responsi- 


of the new theory, not on JJ but on J and, by 
bringing measurement into the picture, on the 
empirical constructs and, perhaps, the observing 
subject. As long as we move in IJ we may have 
our heart’s desire : a deterministic process schema. 

The use of ‘deterministic’ here requires some 
explanation. As the term has been defined in 
Sec. II (2), a schema as such cannot be called 
deterministic; a theory with a process schema 
may be called deterministic if it is, in the sense 
there explained, comprehensive. But then schema 
IT may, after a fashion, be thought of as belong- 
ing to a comprehensive theory.!® All we have to 
do is to conceive, in our imagination, a y and H 
with a tremendously large number of variables— 
sufficiently large to take care of all the particles 
in the world or, at least, in an arbitrarily large 
closed system. So it seems that the world is, in 
essence, still a deterministic process. The schema 
is, not the world! As long as one remembers that 
this and only this is what any more exuberant 
formulation expresses, nothing is wrong with such 
formulations. As soon as one forgets it, one is 
easily lured into a certain kind of philosophizing. 

On the other hand, it is perhaps a pertinent 
observation on our uncritical thought patterns 
that we incline to think of ‘the last schema” as 
most intimately connected with “reality.” It has 
been seen that in the ordinary two-level theory 
certain thought habits were unshaken as long as 
certain features could be preserved in the schema. 
One could still be deterministic, even if physics 
was not strictly deterministic, as long as one 
believed in the possibility of a theory with a 
comprehensive process schema. If we had, or 
should ever have, a four-level theory, we would 
perhaps believe that the third schema, is a true 
picture of the universe, and attribute all the 
discrepancies between its structure and that of 
the lower levels to limits of measurement, 
the unavoidable subjectivity of observation, or 
what not. 

(b) It is, of course, perfectly true that what 
occurs in ‘‘measurement’’ does something to the 


19 The assumption of comprehensiveness is sometimes 
represented by the “axiom” that every physical magnitude 

4 has a representative—its Hermitean operator—in_ the 
quantum-mechanical calculus. This is, properly speaking, 


Bling ‘aia aon tilt to te te Sai “a" an axiom of the calculus but, rather, an assumption 
y at are e the imperfections 


about its success in application. 
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system ‘‘measured.”’ Before it is interfered with, 
the system of JJ is in the general state y(t); 
afterwards, with a probability determined by 
y(t), in one of the distinguished states. Now one 
could simply say that what occurs in measure- 
ment is, within JJ, represented as the collision of 
two systems, say, for instance, the system of the 
“measured” electron and the ‘‘measuring’”’ photon 
in the Compton experiment. So the process 
formula of either of the two initially independent 
systems, electron and photon, does no longer 
apply, since any process formula applies only as 
long as its system remains undisturbed. 

Relatively superficial as this account is, it 
shows clearly that the measuring process does 
not offer any difficulties of a fundamental or, 
if you please, philosophical nature. Physicists, 
however, could hardly afford to be satisfied with 
this answer. Rather, they will have to ask them- 
selves the following question. Suppose one con- 
siders a more comprehensive system (of JJ) that 
contains the representations of both the particle 
measured and the measuring photon. Can one by 
following the temporal process in this larger 
system account for what actually happens in 
measurement? The notion of the more compre- 
hensive system, followed to its extreme, leads to 
the philosophical ideas I have discussed in the 
preceding paragraphs. But in itself, and as | just 
formulated it, the question is a perfectly good 
scientific question. As long as it has not been 
given a positive answer, at least in principle, one 
cannot even be sure that the new theory is 
scientifically adequate. The solution of this 
problem, given by von Neumann, makes use of 
the remarkable properties of ensembles of quan- 
tum-mechanical systems that I have briefly 
mentioned in Src. V (5). 
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Consider an ensemble each of whose part con- 
figurations consists of the representation (in IJ) 
of a particle measured and of the measuring 
photon. Before the collision each particle and 
each photon will be in the same state and the 
ensemble will, therefore, be a pure ensemble. If 
this ensemble, which as a whole is no longer 
interfered with by a measurement, develops accord- 
ing to the process formula for its statistical 
operator, then it remains a pure ensemble. So it 
will still be a pure ensemble after the collision. 
We notice further that the ensemble can, before 
as well as after the collision, be ‘‘broken up”’ into 
two independent ensembles, the ensemble of the 
electrons and that of the photons. But while the 
two ensembles of the subsystems before the col- 
lision are by assumption pure, both will be mixed 
after the collision. The particle ensemble, for 
instance, will with the proper probabilities con- 
tain all the special states into which an individual 
particle passes if measured—I express myself, 
for brevity’s sake, inaccurately. The original 
question is thus found to be equivalent to the 
following mathematical problem: To find a 
process formula for a pure statistical operator 
such that at the beginning and the end of a 
certain time interval the operator can be broken 
up into two operators that characterize inde- 
pendent ensembles according to the specifications 
of the physical situation. The time interval is, 
intuitively speaking, the time during which 
particle and photon are sufficiently close to 
interact. This problem is soluble. One of the 
crucial theorems that make its solution possible 
is, as one would expect, (iv) of Sec. V (5). 
Schrédinger’s striking formulation of this theorem 
is, therefore, an account of the peculiarities of 
what is usually called the measuring process. 


Three stages of evolution can be recognized in the present philosophy of the relation of the indi- 
vidual to society. The first granted the right of the bright people to exploit the stupid ones; the second 
recognized the right of everyone to receive from society a reward proportional to his contribution 
to society; and the third and present stage recognizes the right of the stupid people to exploit the 


bright ones. 
P. W. BripGMAN, Sci. Mo. 65, 48 (1947). 


. . - My sympathies are with the second, or median, of these three philosophies.— 





Reproductions of Prints, Drawings and Paintings of Interest in the History of Physics 


34. A Pictorial Summary of Magnetic Knowledge in the 17th Century 


E. C. Watson 
California Institute of Technology, Pasadena 4, California 


HE engravings by A. SCHOONEBECK that 

illustrate the Traitté del’aiman by Mr. D*** 
(Amsterdam, 1687) provide a fascinating display 
of the knowledge regarding magnetism which 
existed at the end of the 17th century. The 
frontispiece and seven of the 33 full-page plates 
from this curious work are here reproduced. 
Many of the remaining plates are of equal 
interest. 

Very little seems to be known regarding 
Joacum™ D’ALENcE (d. 1707?), the author of 
this quaint treatise. Even his name is variously 
given as DALANCE, DALENCE, DALENCE, and so 
forth, by different authorities. He is known 
almost solely because of two delightful little 
books, this and his Tratttez des barométres, ther- 
momeétres, et notiométres, au hygrométres (Amster- 
dam, 1688), a companion volume also charmingly 
illustrated by SCHOONEBECK and important be- 


Phin es ses 
is EPP PEP ESR 


SITCRD. t« 





fe 
‘Cher ‘enny WETSTEIN. “Se 1689. 


PLATE 1. 


cause it contains the first suggestion of the use 
of two fixed temperatures in the graduation of 
thermometers. 

The frontispiece (Plate 1) of the Traitté de 
l'aiman is described by PARK BENJAMIN! as 
follows: 


The lodestone, disposed in a bowl after the mode 
suggested by Neckam and Peregrinus, and marked 
with a longitudinal directing line, appears floating in 
front of the vessel, which the mariner, holding a rudder 
in one hand and a compass in the other, is about to 
board. The goddess, who appears to be advising him, 
points to the Great Bear, represented by the actual 
animal in the heavens, with the Pole Star situated at 
his tail, and also to a compass and a dipping needle, 
while in her left hand she has a sounding line. The idea 
evidently intended is that the divinity is advising the 
sailor to avail himself of all these means of guidance. 
There is also shown on the left a suspended armed 





PLATE 2. 


1 The intellectual rise in electricity (London, 1895), p. 449. 


509 





Z 
° 
n 
~ 
< 
S 
VU 
ay 


(PLATE 4.”] 





MAGNETIC KNOWLEDGE 


PLATE 7. 


lodestone, supporting at one pole a series of keys, and 
at the other a number of iron plates, this being possibly 
designed to indicate in some way the strength and 
consequent trustworthiness of the magnet. 


The rest of the plates are so nearly self- 
explanatory that they scarcely need comment. 
In fact, one of the greatest charms of SCHOONE- 
BECK’s illustrations is that they give an easily 
comprehended summary of what was known in 
his day, even without the text that accompanies 
them. Thus, Plate 2 shows the attractions of the 
lodestone for iron or steel; Plate 3, the fact that 
interposed pieces of paper, wood, and so forth, 
do not prevent the attraction for a needle on the 


iN THE 17TH CENTURY 


PLATE 8. 


end of a thread; Plate 4, that steel attracts the 
lodestone, just as one lodestone attracts another ; 
Plate 5, the property of a floating lodestone of 
pointing north and south; Plate 6, the process 
of magnetizing a piece of steel by stroking it 
with a lodestone; Plate 7, the attraction between 
unlike poles and the repulsion between like poles ; 
and Plate 8, the effect of ‘‘arming”’ the lodestone. 
Other engravings not here reproduced show the 
effect of cutting the lodestone longitudinally and 
transversely, the dip of the magnetic needle, 
and several other interesting experiments show- 
ing the difference between the action of the two 
kinds of poles upon each other. 


Nine Issues of the Journal in 1948.—Beginning with Volume 16 (1948), the number of 
issues of the AMERICAN JOURNAL OF Puysics will be increased from six to nine. The issues ° 
will appear monthly, except in June, July and August. 
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NOTES AND DISCUSSION 


On Instruction in Supersonic Flow 


ALEXANDER W. WUNDHEILER 


Bureau of Ordnance, Navy Department, 
Washington 25, District of Columbia 


HE most spectacular feature of supersonic flow is 
that the fluid speeds up in a tube of increasing 
cross-sectional area: a diverging supersonic flow accelerates, 
whereas a diverging subsonic flow slows down. This basic 
fact can be proved to the satisfaction of a sophomore 
class. The present note dissects the conventional proof 
into picturable segments couched in terms easily associated 
with some imagery. Thus the question of why a supersonic 
flow diverges when speeded up can be answered without 
the explicit use of formulas. The treatment given is for 
the use of the teacher, who may find it desirable to expand 
some points for the use of his class. 

Only nonviscous, thermally nonconductive steady flows 
are considered. Terse wordings are achieved if the phrases 
“thinning out” and “thickening” are used to denote flows 
whose flow density pv—where p is the density and v is the 
flow speed—decreases and increases, respectively. Terse- 
ness in formulas results if the relative infinitesimal incre- 
ments dQ/Q=d InQ are employed. 

The class is assumed to be familiar with the formula for 
the speed of sound in gases c?=E/p, where E is the elastic 
modulus. Since this modulus is given by the formula 
E=dp/(de/c), where o[=1/p] is the specific volume, 
we obtain the usual form of the expression for the speed 
of sound in gases, 


@=dp/dp. 


(1) Diverging flow thins out, converging flow thickens.— 
Let A be the cross-sectional area of a fluid tube, that is, 
of a two-dimensional manifold of streamlines. Since the 
speed of discharge, Apv, is the same for every cross section, 
we have, differentiating along a streamline, 


d In(Apv) =d InA +d In(pv) =0. 


For a diverging flow, d1nA is positive. Hence d In(pv) 
is negative; that is, the flow density pv decreases: the flow 
thins out. 

(2) An accelerated flow expands, a decelerated flow con- 
tracts.—If d is a differential along a streamline, expan- 
sion means dp <0. The conventional measure of expansion 
(dilatation) is —dInp. The energy equation—that is, the 
Bernoulli equation along a streamline—can be written 


pudv+dp=0, 


whence v?(dv/v)+ (dp/dp)(dp/p)=0. Introducing the loga- 
rithmic differential and the speed of sound, we can write 


d Inp = — (v?/c?)d Inv. 


This equation shows that expansion and relative accelera- 
tion are not independent. For an accelerating flow, d Inv 


is positive. Hence d Inp is negative: an accelerating flow 
expands. 


(3) An accelerated flow thins out if supersonic, thickens if 
subsonic.—For the relative increase in flow density we 
have the simple formula, 


d In(pv) =d Inp+d Inv, 


but this simplicity is deceptive because speed and density 
increases are related. For an accelerated flow the increase 
in speed tends to increase the flow density, but it also 
produces an expansion—according to Theorem (2)—which 
tends to reduce the flow density. The result depends on 
which of the two changes dominates, and here the difference 
between super- and subsonic behavior appears. 

For a subsonic flow the (relative) acceleration dominates 
the expansion; a supersonic flow expands stronger than it 
accelerates. In fact, 


d In(pv) =d Inp+d Inv = — (v?/c?)d Inv 
+d Inv= (1 —v?/c?)d Inv. 


If v/c<1, the last expression is positive, and d Inv 
>-—dInp; then the relative acceleration dominates the 
expansion, and the flow density increases: a subsonic 
accelerating flow thickens. This is the familiar phenomenon. 

For a supersonic flow, v/c>1, and the opposite happens: 
an accelerating flow expands more than it can make up 
by increase in speed, and the flow density decreases. 

For the sonic case, v/c = 1, and the intermediate happens: 
the flow density remains stationary. 

(4) A diverging supersonic flow accelerates——This is a 
trivial consequence of Theorems (2) and (3). A diverging 
flow must thin out, and for a supersonic flow this requires 
acceleration. 

The De Laval nozzle——A brief discussion of the con- 
vergent-divergent (De Laval) nozzle is a natural continua- 
tion of the preceding considerations. We start with the 
problem: How to accelerate a subsonic flow to a supersonic 
speed (wind tunnels can be mentioned here). 

A converging nozzle accelerates a subsonic flow, but, 
before supersonic speed is attained, the flow must pass 
through sonic speed. However, sonic speed cannot occur 
inside either a converging or a diverging flow tube, a conclu- 
sion that is an immediate consequence of Theorem (4). 
If a flow accelerates at a sonic cross section, it will be 
accelerating and subsonic upstream, and accelerating and 
supersonic downstream; hence it will be converging up- 
stream and diverging downstream. The same result obtains 
for a decelerating flow. Thus sonic speed can occur only 
in a “throat,” that is, in a constriction. If no constriction 
is provided, and the intake speed is increased for a con- 
verging nozzle, ‘‘choking’’ will occur at the moment when 
sonic speed is attained at the exit orifice: the fluid will 
refuse to enter the nozzle when the speed is raised above 
this critical value. 

This discussion should not be concluded without mention 
of the fact that a continuous conversion of subsonic to 
supersonic flow in a given converging-diverging nozzle can 
occur only when the pressures at both ends are properly 
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related. In fact, the pressure at the throat defines the 
whole flow since the speed at the throat is determined 
(as sonic); consequently, both the entrance and exit 
pressures are functions of the throat pressure. If a too 
thoughtful student inquires about the continuity restric- 
tion, the teacher will be forced to mention that shockwaves 
occur if the pressures are not properly related. If undue 
curiosity is evoked by this remark, the discussion can be 
discouraged by the statement that the whole treatment 
presented—known as the ‘hydraulic’ theory—is quite 
crude, anyway, since it involves the wrong assumption 
that the flow speed is uniform in every plane cross section 
of the tube. 


On the Physics of the Atomic Bomb 


Horr Lu 
National University of Chekiang, Hangchow, China 


HE physics of the atomic bomb has been well sum- 
marized from Smyth’s report! by Stephenson? in this 
journal in a form suitable for inclusion in classroom lectures 
on atomistics. How the critical size of a fissionable body for 
the self-sustaining of a chain reaction may be calculated 
remains untold, apparently for reasons of security. It seems 
to the writer that the following simple, elementary, though 
rough way of estimating this quantity may give much 
satisfaction to the students, while, of course, it does not in 
any way interfere with the policy of secrecy. 

As mentioned in Smyth’s report, the rate of escape of 
neutrons into space from a fissionable body is proportional 
to the area of its surface, and that of production of neutrons 
accompanying fissions in the body is proportional to its 
volume. The ratio of surface area to volume is smallest in 
the case of a sphere, being equal to 3/p, where p is the 
radius of the sphere. Therefore, a sphere is the most com- 
pact form for the maintenance of a chain reaction. 

Consider a sphere of radius p, made of a pure, fissionable 
material that does not absorb neutrons, for instance, a 
sphere of U?*5 or of Pu®**, Let 7 be the average number of 
neutrons produced for each neutron captured in the process 
of fission. If this fission occurs near the surface, then, on the 
average, 47 neutrons may be considered to escape from the 
body. If this fission occurs in the body, 7—1 neutrons are 
gained. Let 1 be the rate of fission per unit volume and nz 
be an effective rate of fission per unit area of surface. Then, 
the ratio 7 of rate of escape to that of production of 
neutrons is 


r= [4nne/(n—1)m1](3/p) 
=[8n/(n—1)p](m2/m1). 


One can estimate the ratio m2/m; as follows. Let N be the 
number of nuclei per unit volume of the body, and let o be 
the cross section of the nucleus for scattering of neutrons. 
Then the coefficient of scattering u—as defined by the 
equation dn/n=—ydx, that is, n=mnoe~#*—is No. The 
average distance traversed by a neutron before being 
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scattered is the reciprocal of w (since £=—/fxdn/no 
= So?xnpdx/no=pJorxe##dx =1/u), that is, 1/No. On the 
average, we may say that one-sixth of the neutrons pro- 
duced by each fission will be directed toward the surface. 
Therefore, 


$n(1/No)ni = 4nne, 


or 
n/n2=3No. 
Hence, 
r= $n/(n—1)pNo. 


A sphere in which the neutron density would remain con- 
stant, that is, one in which the neutrons escaping would 
just be made up by those produced by fissions, would have 
a radius p, given by 


pe=4n/(n—1)No, (1) 
obtained by putting r equal to unity in the preceding 
equation. 

The exact calculation of this critical radius would be 
difficult because o depends on the neutron speed. Just to 
show the order of magnitude that this equation will give, 
take the case of a sphere of pure U®*5. We may take for the 
density of U5 the value 18.4 g/cm’, so that approximately 
N=4.6X 10”, for o, the value 6X10-*4 cm?, and for 7, 
Zinn’s value 2.3. Were these data correct, Eq. (1) would 
give for p, a value of 3.2 cm, which means a sphere of U5 
weighing about 2.5 kg. A sphere of U**5 exceeding this size 
would be expected to explode. 

Next, consider Fermi’s type of spherical, chain-reacting 
pile. To calculate the critical radius for this pile by the 
foregoing method, we may replace 7 by the reproduction 
factor of infinite radius, namely k,. in Stephenson’s paper, 
and put 1/No equal to 40 cm, which is Pegram’s experi- 
mental value for the average distance traversed through 
graphite by a fission neutron before coming down to 
thermal speeds. For instance, with k.=1.67, we find p, to 
be about 3 m. 

This method, rough though it is, is expected to yield at 
least the correct order of magnitude. It may readily be 
extended to the cases of other simple shapes. 

1H. D. Smyth, A general account of the development of methods of using 


atomic energy for military purposes (Princeton University Press, 1945). 
2R. J. Stephenson, Am. J. Physics 14, 30 (1946). 





A Machine for Demonstrating Standing Waves 


Etprep F. TuBss* 
Carnegie Institute of Technology, Pittsburgh 13, Pennsylvania 


REQUENTLY it is difficult for students of general 

physics to see that the addition of two similar wave 
trains moving in opposite directions produces standing 
waves. Many devices have been constructed to aid students 
in visualizing this process.! Most of these, however, are 
either difficult to construct or fail to present the idea 
clearly to the students. It is hoped that the machine 
described here overcomes some of these objections. 


NOTES AND DISCUSSION 


Fic. 1. External view of a machine for demonstrating the formation of 
standing waves. 


The external appearance of the machine is shown in 
Fig. 1. The moving waves are produced by two cam shafts 
A (Fig. 2), each carrying 17 eccentric circular cams B. The 
point cf maximum rise of each cam is offset 45° from the one 
preceding it, the offsets running in a clockwise direction on 
one shaft and in a counterclockwise direction on the other. 
The cams drive positive-motion followers C connected to 
vertical rods at both top and bottom. Spherical knobs D, 
on the ends of the upper rods, are the defining points of the 
moving waves. The lower rods are fitted with eyelets E and 
F which are used in the addition process. 

The points comprising the standing wave are small 
spherical weights G which hang under the forward camshaft. 
A string runs from each weight through the eyelet E in one 
rod of the forward set, then directly to the rear where it 
passes around a smooth horizontal bar H and fastens to the 
corresponding rod F of the rear set. It can be seen that the 
addition is only approximately linear and that for a given 
amplitude the approximation improves with the horizontal 
separation of the camshafts. 

The machine can be constructed with a few simple hand 
tools. The frame of the original machine was made of wood, 
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Fic. 2. Cross section showing internal mechanism. Only one cam on each 
shaft is shown. 


in the form of two boxes which can be separated for 
transportation and storage. The removal of three panels 
permits the viewing of the waves, and additional panels 
may be removed to show the internal mechanism. 

The cams are 1}-in. sections of 24-in. pipe, which give an 
amplitude of 1 in. to the moving waves and 2 in. to the 
standing wave. This size enables the device to be used in a 
large lecture room. The shaft was made from 4-in. octagonal 
stock in order to get the proper spacing of the cams without 
the use of an indexing head. The turning down of the ends 
of the shafts was the only machine work done. The cams 
and shafts were drilled with a small electric drill and bolted 
together, the bolts being spaced so that the followers could 
run between them. 

The followers are made of wood and lined with metal. 
The vertical rods are pieces of heavy wire driven into 
undersized holes drilled in the followers. 

The author wishes to thank Mr. Frank L. Verwiebe, of 
the Applied Physics Laboratory, Johns Hopkins Uni- 
versity, for many helpful suggestions. 


* Junior, Department of Physics. 

1W. Schmidt, Physik. Z. 5, 683 (1904); W. L. Everitt, J. Opt. Soc. Am. 
19, 95 (1929); Schnippenkétter-Weyres, Physik fiir héhere Lehranstalten- 
Lehrerbuch, p. 345; H. W. Farwell, Am. J. Physics 7, 406 (1939); M. J. 
Pryor, Am. J. Physics 13, 110 (1945). 


On Systems of Units in Mechanics 


R. N. VARNEY 
Washington University, St. Louis 5, Missouri 


HE writer has recently noted so many discussions of 

the various systems of units that he is moved to 

recommend a new approach to the subject. The basic aim 

of all systems seems to be to use Newton’s second law in the 

simplified form F=ma, without the traditional constant k, 

and at the same time have the same numerical value for the 
mass and the weight of a body. 

This desirable end could have been achieved long ago if 
it had been noted that the offensive factor in the second law 
is neither the force nor the mass, but the acceleration. From 
time to time, individuals working extensively with ac- 
celeration problems have come to use “g’’ as if it were a 
unit; the aircraft pilot referring to ‘‘a 7-g pull-out’’ doubt- 
less provides the most widely known illustration. Students 
are likely to remain as baffled by such a practice as they 
already are by present systems because. they will fail to 
picture g as a fundamental unit of acceleration and will 
persist in multiplying by a factor 32.174 ft/sec? in order to 
obtain ‘‘the right answer.” 

It is proposed instead that in the British system a new 
unit of length be introduced, equal to 32.174 ft. Since the 
original measure of 1 ft was entirely arbitrary, a newly 
chosen standard of length with a more reasonable practical 
basis could be justified. It is suggested that the name ‘‘one 
footal” be given to the new unit of length, although the 
writer is inclined to add that it might appropriately (for 
several reasons) be pronounced like “futile.” With this new 
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unit it will be noted that in the equation F= ma, if F is in 
pounds (or pounds weight, or pounds force) and m is in 
pounds of mass, the unit for a will be 1 footal/sec?. 

The metric system, originally conceived to have as the 
basic unit of length one ten-millionth of the earth’s 
quadrant, would, in this light, have been more aptly chosen 
9.8 times larger. Specifically, now, it is suggested that a new 
unit of length equal to 9.80665 m be defined. Since a name 
is needed, the writer is tempted to add his abuse to the 
unpopular term ‘‘slug,’’ made obsolete by this new system, 
by advocating the name “worm” for the new length unit. 
Newton’s second law takes on the simplified form, F= ma, 
and now even the confusion with mks units is eliminated. If 
F is in kilograms and m in kilograms, the unit of a is 1 
worm/sec?; but if F and m are in grams, a is still in the 
same units. A force of 1 kg gives a mass of 1 kg an accelera- 
tion of 1 worm/sec?, and this delightfully simple absolute 
system is at the same time a gravitational system, for the 
force of gravity (at the ‘‘standard place” where g is 9.80665 
m/sec?) on a 1-kg mass is also 1 kg, and the resulting 
acceleration caused by gravity is 1 worm/sec?. As a final 
almost unbelievable convenience, it will be noted that the 
English unit, 1 footal/sec?, is equal to the metric unit, 1 
worm /sec% 

The writer feels sure that the addition of this system to 
the rest should serve to convince students of the importance 


of a thorough understanding of the second law and lead to 
an overthrow of future blind acceptance of unit systems. 


Demonstration of the Dielectric Constant of Air 


E. W. CHENEY 
Lehigh University, Bethlehem, Pennsylvania 


Methods that have been used for measurement of the 
dielectric constants of gases can be easily modified so as 
to provide a convenient and simple lecture-room demon- 
stration of the dielectric constant of air. The only special 
equipment required is a radio air condenser mounted in a 
bottle or under a bell jar that can be connected to a 
vacuum pump. The condenser in the bottle should be 
connected in parallel with the tuning condenser of an 
ordinary single-tube radio-frequency oscillator that is 
tunable to some nearby broadcasting station. A receiving 
antenna is coupled to the grid circuit of the oscillator, and 
an audio amplifier with loudspeaker is coupled to the plate 
circuit. 

The demonstration consists in tuning the oscillator so 
that it beats with the frequency provided by the broad- 
casting station, and then observing the change in pitch of 
the beat note when air is admitted to or removed from 
the condenser that is mounted in the bottle. 


Announcement of Oersted Medalist for 1947 


The Committee on Awards of the American Association 
of Physics Teachers, with concurrence of the Association’s 
Executive Committee, announces the selection of Pro- 
FESSOR WILLIAM HARLEY BARBER as the Oersted Medalist 
for 1947. The formal award and presentation of the medal 
will be made as usual at the annual meeting of the Associa- 
tion, which will be held at the University of Chicago, 
December 29-31, 1947. 

PROFESSOR BARBER retired from active service at Ripon 
College in June, 1946, at which time he was appointed 
Emeritus Professor of Physics. Entering upon his life 
work as Professor of Physics at Ripon in 1906, PROFESSOR 
BARBER has made a noteworthy record of achievement in 
both the academic and administrative life of that institu- 
tion. His outstanding contribution to the teaching of 


physics is reflected by the long list of students who, under 
his influence and stimulation, have gone on to graduate 
study in physics and related fields. As active scientists and 
often as teachers themselves, these former students freely 
recognize and acknowledge the impetus and inspiration 
received from this teacher of physics both in the classroom 
and the laboratory. They are helping to perpetuate his 
high and rugged standards. 

The citation and address of acceptance will ‘appear in 
full in a forthcoming issue of the American Journal of 
Physics. Following the presentation of the medal, Pro- 
FESSOR BARBER will speak on “Forty Years of Physics at 
Ripon College.” 

R. C. Grpss 
Chairman, Committee on Awards 
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Benjamin Allen Wooten, 1891-1947 


BENJAMIN ALLEN WOOTEN, head of the Physics Depart- 
ment at the University of Alabama, died July 9, 1947. 
Doctor WoortEN was born at Jefferson, Alabama, July 
29, 1891. After graduation from Alabama Polytechnic Insti- 
tute, he attended Columbia University from which he re- 
ceived the M.A. and Ph.D. degrees in physics. Before 
coming to the University of 
Alabama, he held positions 
at the College of the City of 
New York, Alabama Poly- 
technic Institute, and Wash- 
ington and Lee University. 
He served as the head of 
the Department at Alabama 
Polytechnic Institute and also 
at Washington and Lee. In 
1928 he came to the Univer- 
sity of Alabama as head of 
its newly organized Physics 
Department. 
With his death, the profes- 
sion lost a truly great teacher. 
He had a masterful command 
of the English language and 
knew how to make the com- 
plicated seem simple. He had 
such an unusual talent for drawing that his sketches on the 
blackboard were works of art. Students, good and poor 
alike, always listened attentively to his lectures. They 
always enjoyed his courses in both physics and astronomy. 
Hundreds of students have pleasant memories of him as 
their favorite college professor. He probably got his greatest 
joy out of teaching the beginning course in physics. Being 
a great believer in demonstrations, he spent much time in 
preparation for his lectures. The result was that his demon- 
strations practically always worked to perfection. 
Although his chief contribution was made as a great 
teacher, Doctor WoorTEN was always keenly interested in 
research. The time devoted to his teaching, together with 
his administrative duties, made it impossible for him to 


engage in it as much as he would have liked. On several 
occasions he took time off from his teaching to do special 
research. For a time during World War I, he worked in the 
laboratory with Thomas A. Edison at South Orange, New 
Jersey. During World War II, he spent more than a year at 
the Underwater Sound Laboratory at Cambridge, Massa- 
chusetts. In the summers of 
1926 and 1934, he went to 
Yerkes Observatory for re- 
search in astronomy. Also, 
at various times, he served 
as consultant for several in- 
strument companies. His in- 
terest in research had its 
influence on the students. 
It is significant that, of all 
students getting the M.A. 
degree in physics at Alabama 
while he was head, 56 per- 
cent have gone on to other 
institutions and obtained the 
Ph.D. degree. 

Doctor WOoOorTEN always 
took an active interest in pro- 
fessional and civic organiza- 
tions. He was elected to the 
Executive Committee of the American Association of 
Physics Teachers at its first annual meeting in 1931. He 
helped organize the Southeastern Section of the American 
Physical Society in 1935, and later served as its chairman. 
From the time of its organization, he was a stimulating in- 
fluence in the development of the Section and was one of its 
most beloved members. Other organizations of which he 
was a member include the American Association for the 
Advancement of Science, American Geophysical Union, 
Sigma Xi, and Phi Beta Kappa. 

Doctor WooTEN will be greatly missed by all of his 
associates. His charming personality and cheerful spirit 
always made it a pleasant experience to be in his presence. 

Eric RODGERS 
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Wrongfully do men lament the flight of time, accusing it of being too swift, and not perceiving 


that it is yet sufficient —-LEONARDO DA VINCI. 
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DIGEST OF PERIODICAL LITERATURE 


Science and Freedom: Reflections of a Physicist 


Of all the conditions of my work which in retrospect 
appear most important, and of which at the time I also was 
keenly conscious, freedom of investigation is outstanding. 
There has never been any suggestion from any outside 
source as to the nature of my investigations. The apparent 
attitude of the University authorities was that if you are 
going to gamble that you have found a good man, a gamble 
without strings attached is the most likely to succeed. The 
consistency of my experimental program has been imposed 
entirely from within; this I believe to be the proper source 
of consistency. 

Another outstanding characteristic of my work has been 
the smallness of its scale. Not only is the apparatus itself 
small, but I have never had more than two or three students 
at a time or a couple of assistants. Thus I have been able at 
all times to maintain the closest contact with the details of 
the work and also to conserve the leisure requisite for the 
germination of new ideas. Not only do I have enough 
leisure to stimulate inspiration by working in my shop with 
my own hands, but I am also able to carry through my own 
experiment and to make all the readings. This gives me a 
confidence in the results not possible when working on a 
larger scale. 

Another characteristic of the field in which I have been 
working is that it is relatively free of competition. This has 
the advantage that one can do his work with no sense of 
hurry. It has the obvious disadvantage that the investi- 
gator loses the stimulus of conversation with his colleagues 
on mutual problems. It has, however, been a happy circum- 
stance that my field, though obviously narrow in the sense 
that pressure is a highly specialized physical parameter, 
nevertheless has been exceedingly broad in that it has been 
no less than to determine the effect of pressure on all 
physical properties. 

There has been an increasing trend during the last few 
years toward large-scale cooperative enterprises among 
physicists. The reasons for this are obvious in the enor- 
mously increasing size and expense of the apparatus neces- 
sary, such as the cyclotrons and piles of nuclear physics. 
Most physicists in this field have hitherto been spending an 
increasingly large fraction of their time on the purely engi- 
neering job of the design and construction of new and 
better instruments, and, correspondingly, an increasingly 
small proportion of their time on the calculation of results 
and rumination on their significance. Moreover, in this 
field there is haste in getting results, both because of intense 


competition with other groups and because the apparatus is 
so expensive that it should be kept in constant operation. 

During the war practically all physicists were diverted to 
war work of one sort or another, many of them in large 
teams in which the individual was necessarily submerged. 
The older men put up with this as a patriotic necessity ; but 
the younger men, who had never experienced individual 
work, constitute now a generation of physicists who have 
never exercised any particular degree of individual initi- 
ative, who have had no opportunity to experience its 
satisfactions or its possibilities, and who regard cooperative 
work in large teams as the normal thing. It is a natural 
corollary for them to feel that the objectives of these large 
teams must have large social significance. For example, in a 
discussion of the May-Johnson bill among a group of 
scientists, the older men were troubled by the threats to 
scientific freedom contained in the bill. The younger men, 
never having experienced scientific freedom, took the view 
that it was self-indulgence not to be willing to sacrifice 
freedom on the altar of the good of society. They could not 
see that the existence of science itself is impossible without 
scientific freedom. 

Just as some scientists in large teams have more and 
more administrative work, so the amount of routine 
administrative work demanded of members of university 
faculties is increasing. It seems to be a natural law that the 
larger a university becomes the more work is demanded of 
each faculty member. As the university grows, each new 
functionary has to justify himself, which he does by 
exacting attention from every member of the faculty. It 
would be supposed that ten times as many officials could do 
ten times as much work, but actually they tend to demand 
ten times as much work from each faculty member. In the 
same way, every large library tends to increase in size 
geometrically with the simple arithmetic passage of time. 
This is an unexplained but undoubted description of the 
behavior of the human animal. Unless some way can be 
found to break the cycle, creative science will be driven 
from the universities to other asylums, if indeed it is not 
destroyed. 

As I look to the future, I am therefore troubled by two 
misgivings: that there will be less and less place for the 
small individual experimenter, and that the time of all of 
us will be increasingly commandered by administrative 
mechanical details—P. W. Bripcman, Isis 37, 128-31 
(1947); a digest of a “‘speech of thanks and reminiscences” 
by Professor Bridgman at a formal dinner given in his 
honor by the Dean of the Faculty of Arts and Sciences of 
Harvard University, on January 11, 1947. 


Science belongs to no one country.—Louis PASTEUR. 
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434 

Jenkin, Fleeming, portrait of, E. C. Watson—422 

Joule’s exposition of conservation of energy, E. C. Watson—383 

Magnets, 17th century knowledge of, E. C. Watson—509 

‘‘Mechanical powers,”” Egyptian and Assyrian representations of, 
E. C. Watson—187 

Playfair, Lyon, portrait of, E. C. Watson—422 

Radio proximity fuzes, C. H. Page and A. V. Astin—95 

Rumford, discovery of convection currents by, S. C. Brown—273 

Steam locomotion as an art subject, E. C. Watson—82 

Tait, Peter Guthrie, portrait of, E. C. Watson—422 

Thompson, Benjamin, discovery of convection currents, S. C. 
Brown—273 

Versailles, pictorial records at, E. C. Watson—353 

Wooten, B. A., 1891-1947, E. Rodgers—516 

Wright, Joseph, scientific paintings of, E. C. Watson—277 

Young men in physics, K. L. Yudowitch—191 
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Intermediate and advanced physics, administrative and educational 


aspects 
Algebra, neglected operation in, R. L. Edwards—356 
Basic-concepts course, A. G. Worthing—197(D), 318 
Biophysicist, training of, A. K. Solomon—239 
Dynamics, teaching of, A. J. O’ Leary—336 
Industry, training of physicists for, J. T. Littleton—339 
Misconceptions, student, E. F. Cox—94; A. G. Worthing—321 
Philosophy of science in curriculum, P. Frank—202 
Scientific method, teaching of, R. K. Wangsness—358 
Secondary school teachers, refresher courses for, P. N. Powers and 
W. H. Stickler—436(D) 
Undergraduate physics curriculum, modernization of, A. L. Hughes 
—49 


Intermediate and advanced physics, laboratory (see also Lecture demon- 


strations) 


Mechanics, Heat and Sound 

Airfoil, forces on, A. H. Schooley—169 

Beam, static equilibrium of, W. C. Elmore—341 

Centripetal force apparatus, stability of, M. Allen—470 

Clément and Désormes experiment, equation for, R. Spitzer— 
364(T) 

Heater, self-regulating electrolytic, F. E. Holmes—363(D) 

Projectile drag, A. H. Schooley—165 

Reversible process in thermodynamics, E. R. Rechel—364(T) 

Sound, speed of, A. Waltner—362(D); by interference, P. F. Gaehr 
—426; by electrical method, F. V. Hunt and A. E. Benfield— 
465 

Supersonic wind-tunnel model, A. H. Schooley—164 


Electricity and Magnetism 

Electronics equipment, K. S. Lion—161; R. Stollberg—193 

Emf, induced, measurement of, H. F. Boulind—435(D) 

Magnetic field of current, H. F. Boulind—435(D) 

Networks, differentiating and integrating, E. H. Green and W. H. 
Mais—172 

Oscillations, transient, from square wave, E. H. Green and W. H. 
Mais—173 

Potentiometer, demonstration, P. Bender—435(D) 

Square-wave generator, E. H. Green and W. H. Mais—171 


Light, Radiation and Atomic Physics 

Optical elements, alinement of, R. O. Davies and C. M. Focken— 
363(D) 

Spectrum source, mercury, M. W. Schwinn—279; P. Kirkpatrick 
—359 

Thermionic emission, G. J. Holton—198(D) 

X-ray diffraction camera, W. C. Campbell—409 

X-ray spectroscope, P. Kirkpatrick—198(D) 


Miscellaneous Topics 
Areas of curves by graphical methods, G. F. Herrenden-Harker— 
308 
Curves, equations representing, G. F. Herrenden-Harker—301 
Graphs of data, G. F. Herrenden-Harker—295 


Nomographic treatment of experimental data, G. F. Herrenden- 
Harker—307 


Straight lines, equations for, P. F. Gaehr—430 


Intermediate and advanced physics, subject matter (see also General 


physics; History and biography; Terminology and notation, 
Textbooks; Units and dimensions) 


Mechanics 


Airfoil, forces on, A. H. Schooley—169 

Bessel functions, T, A. Benham—285, 488 

Centripetal force apparatus, stability of, M. Allen—470 

Columns, Euler's paper on, J. A. Van den Broek—309 

Conservation of energy, Joule’s exposition of, E. C. Watson—383 

Dynamical problems in evolution of solar system, H. Jehle— 
195(D) 


ANALYTIC SUBJECT INDEX 


Dynamics, rigorous WLT system of, A. J. O’Leary—146; teaching 
of, A. J. O’Leary—336 

Electrical-mechanical analogy, E. A. Gilbert—343 

Energy, conservation of, Joule’s exposition of, E. C. Watson—383; 
in tumbling spring, W. J. Cunningham—348 

Energy and mass, conservation of, A. J. O’Leary—280 

Energy and momentum problem, W. W. Sleator—474 

Equilibrium of rectangular body on cylinder, demonstration of, 
V. M. Hutchison and H. Hill—190 

Euler’s paper on columns, J. A. Van den Broek—309 

Flow, compressible, P. Rudnick—361(D); supersonic, A. W. 
Wundheiler—512 

Force, sudden variations of, E. M. J. Herrey—140; and mass, 
operational analysis of, G. J. Holton—1i97(D); muscular, L. 
A. Strait, V. T. Inman and H. J. Ralston—378 

Free fall in viscous medium, F. T. Rogers, Jr.—362(D) 

Gravitation, law of, A. J. O’Leary—148 

Heart, mechanics of, L. A. Strait, V. T. Inman and H. J. Ralston— 
375 

Impact analyzed by tensor methods, M. Alonso—413 

Inertia, Mach law of, A. J. O’Leary—336; and rigorous WLT 
system, A. J. O’Leary—146 

Lissajous figures, demonstration of, A. D. Bulman—-435(D) 

Mechanical-electrical analogy, E. A. Gilbert—343 

Momentum, conservation of, in heart beat, L. A. Strait, V. T. 
Inman and H. J. Ralston—377 

Moving-rope problem, W. W. Sleator—474 

Oscillations and vibrations, applications of Laplace transform to, 
K. Riess—45 

Pendulum, flexible chain, T. A. Benham—287; physical, graphical 
treatment of, E. J. Irons*—426; simple, analytic treatment of, 
T. A. Benham—285 

Poiseuille law, generalization of, A. L. King—196(D), 240 

Problems, basic, in mechanics, A. G. Worthing—320 

Projectile drag, A. H. Schooley—165 

“Relativistic mass,”” discarding of, A. J. O'Leary—280 

Relativistic mechanics of rockets, H. S. Seifert, M. W. Mills and 
M. Summerfield—267 

Rocket, frame of reference for, R. B. Kennard—357 

Rockets, elementary account of, J. K. Rouleau—364(T); physics 
of, H. S. Seifert, M. W. Mills and M. Summerfield—1, 121, 257 

Rotating bodies, H. Bateman—36 

Spring, tumbling, W. J. Cunningham—348 

Units, systems of, R. N. Varney—S514 

Viscous medium, free fall in, F. T. Rogers, Jr.—362(D) 

Waves in liquid, T. A. Benham—488 


Heat 


Burning of rocket propellants, H. S. Seifert, M. W. Mills and M. 
Summerfield—1 

Conservation of energy, Joule’s exposition of, E. C. Watson—383 

Convection currents, discovery of, S. C. Brown—273 

Diffusion, separation of gases by, F. A. Schwertz—31 

Heat transfer in rocket motors, H. S. Seifert, M. W. Mills and 
M. Summerfield—131 

Liquid propellants for rockets, H. S. Seifert, M. W. Mills and 
M. Summerfield—255 

Precipitation in the atmosphere, R. J. Boucher—435(D) 

Specific heats of gases, R. Spitzer—364(T) 

Temperatures near absolute zero, S. A. Weissman—451 


Sound 


Acoustics, architectural, wave and geometric, V. O. Knudsen—437 

Doppler effect, elementary theory of, E. T. Benedikt—430 

Drumhead, vibrations of, T. A. Benham—488 

Horn, acoustic, T. A. Benham—488 

Lissajous figures, demonstration of, A. D. Bulman—435(D) 

Shock waves, secondary, A. T. Jones—57; in supersonic flow, 
simulated, A. H. Schooley—164 

Sound, speed of, A. Waltner—362(D); and discharge velocity in 
nozzles, H. S. Seifert, M. W. Mills and M. Summerfield—1; 
by interference, P. F. Gaehr—426 

Waves in liquid, T. A. Benham—488 
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ANALYTIC SUBJECT INDEX 


Electricity and Magnetism 


Amplifiers, used with thermopile, R. T. Ellickson—199 

Charge, definition of, A. J. O’Leary—417 

Electromagnetic equations, conversion of, A. H. Spees—476 

Instruments, d’Arsonval, mechanical analogy of, E. A. Gilbert— 
344 

Magnetic properties at low temperature, S. A. Weissman—451 

Microwave antennas, diffraction patterns of, G. F. Hull, Jr.—i11 

Oscillating circuits, application of Laplace transform to, K. Riess 
—45; transient phenomena in, L. P. Delsasso—468 

Units, systems of electrical, J. A. Eldridge—390; A. H. Spees—476 

“Voltage,” A. Hazeltine—191; R. G. Hudson—428 

Voltage wave along a lossless line, P. LeCorbeiller—119 

Waves, electromagnetic, in pipes, T. A. Benham—488 


Light, Radiation and Atomic Physics 


Atomic bomb, H. Lu—S13 

Atomic energy in industry, I. Perlman—364(T) 

Bolometer, detection of infra-red radiation by, R. T. Ellickson— 
200 

Cathode rays, Thomson's paper on, E. C. Watson—458 

Definitions of nuclear terms, T. P. Kohman—356 

Diffraction pattern, of microwave antenna, G. F. Hull, Jr.—111; 
positions of maximum intensity in, D. Y. Barrer—428 

Filters for infra-red radiation, R. T. Ellickson—202 

Doppler effect, elementary theory of, E. T. Benedikt—430; as 
photon phenomenon, W. C. Michels—449 

Franck-Condon principle, development of, E. U. Condon—365 

Fresnel coefficient of ether drag, L. Blitzer—446 

Golay cell, detection of infra-red radiation by, R. T. Ellickson—200 

Infra-red, detection of, R. T. Ellickson—199 

“Internal diffraction” in quantum mechanics, E. U. Condon—370 

Isotopes, separation of, by gaseous diffusion, F. A. Schwertz—31 

Lens formula by curvature of surface, W. F. C. Ferguson—357 

Mass-energy relation, elementary derivation of, J. G. Winans— 
195(D) 

Nuclear energy and rockets, H. S. Seifert, M. W. Mills and M. 
Summerfield—266 

Phosphors, detection of infra-red by, R. T. Ellickson—201 

Photoconductive cell, detection of infra-red by, R. T. Ellickson 
—201 

Photometric terminology, P. Moon and D. E. Spencer—84 

Quantum mechanics, Franck-Condon principle in, E. U. Condon 
—365 

Quantum theory, logic of, G. Bergmann—397, 497; applied to 
acoustics, V. O. Knudsen—437 

Radiation, Kirchhoff's law of, M. Iona, Jr.—196(D) 

Relativity, and Doppler effect, W. C. Michels—449; Fresnel coeffi- 
cient of ether drag, L. Blitzer—446 

Thermistor, detection of infra-red by, R. T. Ellickson—200 

Thermopile, detection of infra-red by, R. T. Ellickson—199 

Thick lens, geometric construction for cardinal points of, O. 
Darbyshire—243 

X-ray diffraction camera, W. C. Campbell—409 


Laboratory, student (see General physics, laboratory; Intermediate and 
advanced physics, laboratory) 
Lecture demonstrations (see also Visual materials and methods) 


Mechanics, Heat and Sound 


Equilibrium of rectangular body resting on cylinder, V. M. Hutchi- 
son and H. Hill—190 

Free fall and buoyant force, W. W. Sleator—253 

Heater, self-regulating electrolytic, F. E. Holmes—363(D) 

Inertia, Mach law of, A. J. O’Leary—147, 196(D) 

Lissajous figures, A. D. Bulman—435(D) 

Momentum, conservation of linear, A. J. O’ Leary—337 

Standing waves, M. J. Pryor—195(D); E. F. Tubbs—513 

Steiner's theorem, J. T. Curtis—93 

Sound, speed of, by interference, P. F. Gaehr—426 

Vibrations, addition of isochronous, L. Borello—93 

Wave models, H. K. Schilling—197(D) 
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Electricity and Magnetism 

Alternating current, frequency of, G. K. Schoepfle—363(D) 
Condensers in a.c. and d.c. circuits, W. B. Pietenpol—197(D) 
Charged pith balls, definition of charge from, A. J. O'Leary—417 
Dielectric constant of air, E. W. Cheney—S15 
Electronics, demonstration panels for, K. S. Lion—161; R. Stoll- 

berg—193 
Energy interchanges, E. M. Rogers—197(D) 
Potentiometer, demonstration, P. Bender—435(D) 
Transient electrical phenomena, L. P. Delsasso—468 


Light, Radiation and Atomic Physics 

Alpha-particle scintillations, A. Waltner—362(D) 

Atomic bomb, model, R. M. Sutton—198(D), 427 

Color by subtraction, H. F. Henry——-361(D) 

Optical elements, alinement of, R. O. Davies and C. M. Focken 
—363(D) 

Radiation, Kirchhoff's law of, M. Iona, Jr.—196(D) 

Spectrum source, mercury, M. W. Schwinn—279; P. Kirkpatrick 
—359 

Stereoscopic effect of small crystals, E. O. Hulburt—279 

Light (see General physics; History and biography; Intermediate and 
advanced physics; Lecture demonstrations; Terminology and 
notation; Textbooks) 


Mathematics 
Algebra, neglected operation in, R. L. Edwards—356 
Bessel functions, T. A. Benham—285, 488 
Curves, equations representing, G. F. Herrenden-Harker—301 
Hankel functions, T. A. Benham—287 
Laplace transform, applications of, K. Riess—45 
“Proof” in physics, P. Frank—205 
Quantum theory, logic of, G. Bergmann—397, 497 
Roots of tanx =x, D. Y. Barrer—428 
Short cuts in problem solving, A. G. Worthing—319 
Straight lines, equations for, P. F. Gaehr—430 
Struve functions, T. A. Benham—287 
Tensor methods applied to impact, M. Alonso—413 

Mechanics (see General physics; History and biography; Intermediate 
and advanced physics; Lecture demonstrations; Terminology and 
notation; Textbooks, Units and dimensions) 

Meteorology courses 
Precipitation in the atmosphere, R. J. Boucher—435(D) 
Sounding rockets, H. S. Seifert, M. W. Mills and M. Summerfield 

—255 

Methodology and philosophy of science 
Dynamics, rigorous WLT system of, A. J. O'Leary—i46 
Electric charge, definition of, A. J. O'Leary—417 
Force and mass, operational analysis of, G. J. Holton—197(D) 
Philosophy of science in physics curriculum, P. Frank—202 
Quantum theory, logic of, G. Bergmann—397, 497 
Science and freedom, P. W. Bridgman—517(D) 
Scientific method and problem of ethics, H. Margenau—218 
Semantics and the science teacher, W. Johnson—154 

Modern physics (see General physics; Intermediate and advanced 
physics; Lecture demonstrations) 


e 
Philosophy of science (see Methodology and philosophy of science) 
Photography courses 
Photography as a service course, L. Cadle—361(D) 
Premedical and biophysical courses 
Biophysics, A. K. Solomon—238; survey, J. R. Loofbourow—21 
Blood flow and Poiseuille law, A. L. King—240 
Physical principles in physiology and medicine, L. A. Strait, V. T. 
Inman and H. J. Ralston—375 
X-ray diffraction camera, W. C. Campbell—409 
Proceedings of AAPT (see American Association of Physics Teachers) 


Radio courses 

Electronics laboratory equipment, K. S. Lion—161; R. Stollberg 
—193 

Frequency modulation, T. A. Benham—488 
Radio proximity fuzes, C. H. Page and A. V. Astin—98 
Square-wave generator, E. H. Green and W. H. Mais—171 
Triode, application of Bessel functions to, T. A. Benham—488 
Waves, electromagnetic, in pipes, T. A. Benham—488 
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Scientific method (see Methodology and philosophy of science) 
Secondary school physics 
Physical sciences for secondary schools, P. G. Johnson—480 
Social and economic aspects of science 
Atomic energy, educational programs in, K. Z. Morgan—334 
Challenge to the physics teacher, L. W. Taylor—68 
Ethics and scientific method, H. Margenau—218 
Internationality in names of scientific concepts, P. Moon and D. 
E. Spencer—84; D. Roller—184 
Science and freedom, P. W. Bridgman—517(D) 
Science for rulers, F. Soddy—364(D) 
Semantics and the science teacher, W. Johnson—154 
Sound (see General physics; History and biography; Intermediate and 
advanced physics; Lecture demonstrations; Terminology and nota- 
tion; Units and dimensions) 
Survey courses 
Physical sciences for secondary schools, P. G. Johnson—480 
Scientific method, teaching of, R. K. Wangsness—358 


Teacher training 
Biophysicists, training of, J. R. Loofbourow—21; A. K. Solomon 
—238 
Doctoral candidates, origin of, M. H. Trytten—198(D) 
Secondary school teachers, refresher courses for, P. N. Powers and 
W. H. Stickler—436(D) 
Students in training, M. W. White—196(D) 
Terminology and notation 
Dynamics, MLT and WLT systems of, A. J. O’Leary—338 
Nuclide, proposed new term, T. P. Kohman—356 
Photometric terminology, P. Moon and D. E. Spencer—84 
Physical terminology, plan for studying, D. Roller—178 
Primary and secondary quantities, A. J. O’Leary—280 


ANAL'YTIC SUBJECT INDEX 


“‘Relativistic mass,"’ discarding of, A. J. O’Leary—280 

“Voltage."’ A. Hazeltine—191; R. G. Hudson—428 

WLT system of dynamics, A. J. O'Leary—146 
Textbooks, inadequate treatments in 

Copernican system, P. Frank—204 

Definitions of fundamental units, K. H. Fussler—361(D) 

Inertia, law of, P. Frank—205 

Lens formula, W. F. C. Ferguson—357 

Light sources, extended, M. J. Walker—65 

Potential difference, definitions of, F. W. Cooke—174 

Roots of tanx =x, D. Y. Barrer—428 

Second law, P. Frank—206 

Thermionic emission, G. J. Holton—198(D) 

Thermodynamics, reversible process in, E. R. Rechel—364(T) 

“Truth” in mathematics, P. Frank—205 


Units and dimensions 
British engineering system, W. W. Sleator—251 
Dimensions of units in electrodynamics, A. J. O'Leary—420 
Electrical units, systems of, J. A. Eldridge—390; A. H. Spees—476 
Fundamental units, confusion in definitions of, K. H. Fussler— 

361(D) 

Mechanics, systems of units in, R. N. Varney—514 
Photometric concepts, systems of, P. Moon and D. E. Spencer—84 
Units in problem solving, A. G. Worthing—319 
Units for weight per unit mass g, W. W. Sleator—253 
WLT system of dynamics, A. J. O'Leary—146 


Visual materials and methods 


Isotope and nuclear reaction charts, H. M. Spencer—364(T) 
Masses and sizes, relative, W. J. Wiswesser—364(T) 


New Members of the Association 


The following persons have been made members or junior members (J) of the American 
Association of Physics Teachers since the publication of the preceding list [Am. J. Physics 15, 


436 (1947)]. 


Abramson, Stanley L., 720 Rainbow Dr., Akron, Ohio. 

Baez, Albert Vinicio, Stanford University, Calif. 

Balsam, Sidney, Williamsbridge Rd., New York 67, N. Y. 

Barker, Palmer W., A & M College of Texas, College Station, Tex. 

Barkow, Arthur G., 1217 Wisconsin W. Ave., Milwaukee, Wis. 

Barto, Robert C., 146 La Rue Ave., Reno, Nev. 

Boswell, J. M., Cumberland College, Williamsburg, Ky. 

Brown, H. E., 1515 Sedgwick St., Chicago 10, Ill. 

Budlong, W. A., Schuylkill Undergraduate Center, Pottsville, Pa. 

Calder, W. A., Agnes Scott College, Decatur, Ga. 

Crosbie, Richard J., R. D. 6, Washington, Pa. 

Cutler, Warren G., 118 N. Fifth St., Monmouth, III. 

Fischer, John J., 4109 N. Laramie Ave., Chicago 41, Ill. 

Frysinger, Hiram J., Route 1, Harrisburg, Pa. 

Gardner, Robert J. (J), 145 Roger Ave., Akron 5, Ohio. 

Gibbons, Sister Mary Seraphim, College of St. Catherine, St. Paul, 
Minn. 

Graham, Vernon G., P-1 University Apts., Bowling Green, Ohio. 

Hamilton, Ray W., 109 N. Public St., Tonkawa, Okla. 

Higgs, Paul M., University of Washington, Seattle 5, Wash. 

Hoffman, Paul O., 362 21 St., Irvington, N. J. 

Iden, Gaye, 310 N. Second St., Arkansas City, Kan. 

Kirkpatrick, Herman H. (J), P. O. Box 979, Clemson, S. C. 

Kline, John V. (J), Purdue University, Lafayette, Ind. 

Leib, Floyd Irving, 208 Elm St., Ypsilanti, Mich. 


Loudin, Harold H., 297 National Dr., Newark, Ohio. 

Lowe, Clifford Bernard, 27 St. Joseph, Rapid City, S. D. 
Martin, Beckham (J), 820 Rose, West Lafayette, Ind. 
Mathieson, Raymond L., University of Tulsa, Tulsa, Okla. 
Mattern, J. Richard, 131 Carbon St., Weatherly, Pa. 

Milley, H. Reginald, Purdue University, Lafayette, Ind. 
Moelk, Jacob W., Wright Junior College, 3400 N. Austin, Chicago, Ill. 
Morrow, Elman A., William Jewell College, Liberty, Mo. 
Myers, Frank E., Lehigh University, Bethlehem, Pa. 
Pettersen, Howard E., Albion College, Albion, Mich. 

Pittman, Brooks O., 48 Dixie St., Carrollton, Ga. 

Pryor, Joseph E., Harding College, Searey, Ark. 

Purbrick, Robert Lamburn, Willamette University, Salem, Ore. 
Rehr, Jerome M., Union College, Schenectady, N. Y. 

Renner, John W., University of South Dakota, Vermillion, S. D. 
Rinker, Jacob A., Eureka College, Eureka, [il. 

Robertson, Orville G., 193 College St., Lewiston, Me. 

Silkett, A. F., 6020 Ingleside, Chicago 37, Ill. 

Stevens, Norman, Colorado A & M College, Ft. Collins, Colo. 
Stroh, William Richard, Bucknell University, Lewisburg, Pa. 
Symon, Keith R., Wayne University, Detroit 1, Mich. 

Walz, Frank C., University of Coloradc, Boulder, Colo. 
Whaley, Randall McVay, Purdue University, Lafayette, Ind. 
Wilson, William S., University of Alaska, College, Alaska. 
Youngman, L. A., Edinburg Junior College, Edinburg, Tex. 








